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Foreword

Dr. C. K. Gupta is a very distinguished colleague of mine. I have been familiar with his pro-
fessional career over a long period. A very large number of research papers, reviews, and
several books authored by him bear ample testimony to the diverse and wide-ranging con-
tributions he has made to date to the field of chemical metallurgy. I was indeed very happy
to accept the invitation from him to write a foreword for the present volume entitled, “Chemi-
cal Metallurgy — Principles and Practice”, being published by Wiley-VCH Verlag, Germany.

This volume provides in one place a self-contained and adequately detailed coverage of
the chemical metallurgy of the major metals, common as well as less common. It has been
brought into being as an exceedingly well-structured treatise. The presentation has been
organised in seven chapters. The first chapter gives a general appraisal of the whole field of
chemical metallurgy. The coverage also includes a brief account of resources. The next two
chapters are devoted to thermodynamics and kinetics and to processing of minerals. The
remaining three chapters deal, respectively, with pyrometallurgy, hydrometallurgy, and
electrometallurgy. The last chapter attends to energy and environmental considerations.
Physicochemical principles provided for the various unit operations and description of the
key details of the processes deserve special mention as being among the attractive features
of this volume. One must also additionally note the emphasis laid on the less common
metals in the presentation. This is decidedly an additional special feature of the book. Chemi-
cal metallurgy of the less common metals described with pertinent principles involved has
not been done earlier in one place as has been accomplished in this publication. The abun-
dance of illustrations and the comprehensive collection of carefully selected references ap-
pended to each chapter add to the value and enhance considerably the overall strength of
the book. On the whole, the presentation displays an imaginative and competent handling
of the subject matter and really reaches out to the readers.

The volume deals with a very wide technical field and will be of interest and relevance to
many disciplines, particularly metallurgy, chemical engineering, and chemistry. It will un-
doubtedly be a valuable addition to the list of available books dealing with chemical metal-
lurgy. At the same time, this volume will be very useful to professionals working in the area
of extractive and process metallurgy. The present book has had the benefit of Dr. Gupta’s
wide and long-standing experience in the field in full measure and will certainly be greatly
valued by those to whom it is addressed. I wish this publication all success and hope it will
be as useful as the other books which Dr. Gupta has authored.

India, May 2003 B. Bhattacharjee
Director of Bhabha Atomic Research Centre
and Member of Atomic Energy Commission
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Preface

As the title, “Chemical Metallurgy: Principles and Practice” implies, this text blends theory
with practice covering, of course, a good deal of descriptive items on hows and whys of
extraction and processing of metals and materials. While the processes for the extraction of
the common metals have been provided in sufficient detail, I have tried to go in equal
depth, if not more, to provide focus on the less common metals. I have, however, avoided
lengthy descriptions of current commercial practices as these change rapidly. Rather,
selected examples have been presented to illustrate the various principles dealt with in the
text. It is expected the readers will supplement this text with appropriate examples of cur-
rent practices. All along I have made an effort to lead the treatment to a point where the
readers will find the transition to more advanced and specialized metallurgical engineering
textbooks, texts, and monographs with emphasis on chemical metallurgy quite easy.

This book altogether contains seven chapters. In Chapter 1, I have endeavored to organ-
ize the text with a view to acquainting the readers with a miscellany of relevant information
and preparing them for going into the contents of the subsequent chapters. Chapter 2 deals
with mineral processing, which usually takes the position as the principal front-end opera-
tion in the overall process flowsheet for metal extraction. Chapter 3 pertains to thermo-
dynamics and kinetics which provide unequivocally a sound basis for the understanding of
the processes. The next three chapters delve into pyro-, hydro-, and electro-metallurgy, in
that order. Chapter 7 addresses certain representative issues concerning energy consump-
tion and environmental pollution aspects especially pertinent to chemical metallurgy
operations.

It is difficult for an author to praise the virtues of his own book. However, just to say a few
words, I may add that, as pointed out, I have systematized the organization of the text in the
chapters by presenting the process principles first and then following up with process prac-
tice. I have in my opinion adopted a lucid style — readable, interesting, intelligible, and
informative — for a wide and varied audience. It has on the whole been a delightful experi-
ence for me to produce and place this book for the readership it will fetch. May I end by
saying that I earnestly believe the book will provide an interesting reading and knowledge,
and will certainly be highly successful in putting the readers into the fascinating world
of preparative metallurgy, into the arduous journeys through which different metals and
materials traverse to come into their useful beings and finally make themselves available in
the service of man. A carefully selected reference list and a good number of clear illustra-
tions may be treated as additional features which should not be lost sight of. All these
presentations have not been carried out without incorporating the backing of the principles
involved and this very element should go to provide additional attractions and spice, so to
say, for the book.
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1
Acquaintance

1.1
Introduction

The subject of metallurgy broadly divides itself into physical metallurgy, mechanical metal-
lurgy, chemical metallurgy, mineral dressing, powder metallurgy and engineering metal-
lurgy.

Physical metallurgy is concerned with the scientific study of materials. Phase transfor-
mations, recovery and recrystallization, precipitation hardening, structure—property corre-
lations, characterization of microstructure by microscopy (optical, electron and field-ion),
are some specific examples among the many topics covered under physical metallurgy.

The importance of metals and alloys largely lies in their unique mechanical properties
involving the combination of high strength with the ability to undergo plastic deformation.
Their plasticity makes them amenable to various mechanical working methods (drawing,
rolling, pressing, forging etc.). Plasticity can make strong materials tough and enable them
to endure long service, even under very exacting conditions. Mechanical metallurgy ad-
dresses all these aspects of the behaviour of metallic as well as other materials. Testing
mechanical properties, establishing relations between these properties of materials and
their design and selection, assessing and predicting materials performance during service
are some of the important areas that come under the purview of mechanical metallurgy.
This branch also involves with mechanical working of metals and alloys in solid state. For
example, mention may be made of rolling, forging, drawing and extrusion.

Chemical metallurgy, according to one definition, is the branch of metallurgy that deals
with the extraction of metals from naturally occurring compounds and their refinement to
levels of purity suitable for commercial use. The starting raw materials, however, in many
cases are not restricted to naturally occurring compounds. Nor in all cases are the end
products desired as metals. The chemical treatments quite often depend upon the prior
physical processing to which the relevant materials have been subjected. In acknowledge-
ment of these facts it is only proper that both physical and chemical treatments are consid-
ered together in the total scheme defined for materials processing. There exist a very large
variety and range of treatments and many possible combinations of these which may be
used in chemical metallurgy processes. The chemical metallurgy coverage extends further
to deal with all the chemical properties of metals, including those pertaining to the forma-
tion of alloys by uniting one metal with other metals or nonmetals.
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Physical metallurgy has obvious links with mechanical metallurgy. It also has close links
with chemical metallurgy. It helps in obtaining a scientific understanding of the various
chemical metallurgy processes and can assist in designing new processes or modifications
of existing processes. The linkage between physical metallurgy and chemical metallurgy
has grown with time. This has helped considerably in replacing the empirical or the “trial
and error” mode of development with more logical and science based modes. For example,
a newly found ore resource can be studied by such powerful physical metallurgy tools as x-
ray diffraction, electron microscopy and electron probe microanalysis, and with the knowl-
edge thus gained about the resource, it is possible to make very useful predictions in a
number of fronts. Once the type and the nature of the minerals present in a given resource
are studied and analysed, it is entirely possible to make useful predictions on the process-
ing of the resource. Refractory minerals would need highly corrosive leachants and aggres-
sive conditions of leaching such as those obtained at elevated temperatures and pressures
as in autoclaves. If the structural features show the substitution of one element at the lat-
tice sites of another then separating these elements by physical methods is not possible.

The area of mineral dressing concerns itself with the starting operations and involves
crushing and grinding either for purposes of liberation of the desired substances that are
physically entrapped with others or for making them adoptable for further processes. Once
liberated, they normally go through such physical beneficiation processes as magnetic sepa-
ration, electrostatic separation, screening, flotation, to name some, to produce a beneficiated
product usually called a concentrate and chemical metallurgy normally takes over from
then onwards.

Powder metallurgy is concerned with production and processing of powdery forms of
metals and materials and of solid industrial products therefrom.

Engineering metallurgy mainly deals with the processing of metals and materials in the
molten condition. Foundry, metal joining and other related areas appear to come under its
coverage.

These branches, individually as well as collectively, have enabled metallurgy to play a very
important role in modern science and technology. The outstanding importance of metals
as constructional materials is, in fact, the reason why metallurgy, by itself, is an extensive
and self-contained subject. It has, however, gone very much beyond the confines of any
rigid classification. On the whole, the subject of metallurgy, besides its own constituent
disciplines, as described herein, draws heavily from a number of others. With inputs from
physics, chemistry, chemical engineering, instrumentation technology, design engineer-
ing and so on, metallurgy today has shaped into a truly multidisciplinary and interdiscipli-
nary character.

It is only natural that chemical metallurgy is given a further introductory elaboration at
this beginning stage although a good portion of it will either be repeated or be dealt with in
a more detailed way as the text advances in the subsequent chapters.

The extraction of metals fundamentally relies on their availability in nature. Three terms
are important while one refers to availability. One is the crustal abundance and the other
two are the terms: resources and reserves. The average crustal abundance of the most abun-
dant metals, aluminum, iron and magnesium, are 8.1%, 5.0% and 2.1% respectively. Among
the “rare” metals titanium is the most abundant, constituting 0.53% of the Earth’s crust. No
metal can be economically extracted from a source in which its concentration is the same
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as its crustal abundance. Fortunately, geochemical processes have resulted in significant
selective concentration of the elements in certain portions of the Earth's crust. These por-
tions are called ore reserves or resources, depending on whether their processing is eco-
nomical currently or is expected to be so at some future date. With the passage of time
more and more of what are presently considered as resources will become reserves. High
grade reserves or ore bodies, containing a high concentration of the desired metal, have
been selectively mined and processed in the past and at the present time there remain very
few, if any, of such ore bodies. Those presently available are low in grade and complex in
composition. In the future the grade will decrease further and the complexity will increase,
making metal recovery from such sources a much more difficult affair.

The poor grade and the complex composition of the ores being processed currently cause
mineral processing to be a major operation in the metal extraction scheme. Physical and
chemical characterization of the minerals becomes very important as these characteristics
determine the processing scheme to be used. Magnetic and electrical properties have been
extensively used in mineral beneficiation, using electromagnetic and electrostatic separa-
tors. Surface properties of minerals determine the basis for their beneficiation using flota-
tion.

The processing of ores or primary resources for metal extraction is constrained by two
major factors. One is their limited supply and availability and the other is the large energy
consumption involved in their processing. An option to circumvent these constraints is to
resort to recycling of metals or secondary resource processing. Recycling of scrap usually
consumes only a fraction of the energy needed for metal extraction from the ore. No new
ore is consumed in recycling and the process causes much less pollution of the environ-
ment. These attractive features have generated serious interest in recycling in recent times
and the interest will certainly grow in the days to come. This area has received detailed
attention in the chapter on energy and environment.

The route by which an ore ends up as a metal suitable for commercial use is mapped in
diagrams known as extraction flowsheets. These comprise a judicious assembly of the unit
processes that lead to a working scheme. A flowsheet is always amenable for upgradation
by improvements both in the unit processes and in their sequencing. The developments in
chemical metallurgy pertain to these improvements. Much development can be expected in
the coming decades in chemical metallurgy on account of the efforts needed to extract
purer metals from leaner and more complex ores with minimum energy expenditure, while
causing minimum environmental pollution. These demands will keep research on im-
proved and new extraction processes alive and make extractive metallurgy an important
and dynamic branch of metallurgy, as in the past.

This book “Chemical Metallurgy: Principles and Practice” contains all together seven
chapters. Chapter 1 embodies a content meant to acquaint the readers on a selection of
topics of considerable relevance to chemical metallurgy. Chapter 2 deals with mineral process-
ing, Chapter 3 with thermodynamics and kinetics, Chapter 4 with pyrometallurgy, Chapter
5 with hydrometallurgy, Chapter 6 with electrometallurgy, and Chapter 7 with energy and
environment. The book, as its title implies, presents chemical metallurgy practice manda-
torily taking the pertinent principles involved at different stages into account.

3
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1.2
Materials

It is a well recognised fact that classification of the vast array of materials is an important
part of the study of materials. The grouping or classification of materials is to be based on
a scheme. Among the different basis of classification schemes known so far the well ac-
cepted ones are: (i) nature of atomic bonding, (ii) electrical conductivity, (iii) magnetism.
Taking these into account, almost all the major materials can be shown to fall under the
following categories: ceramics and glasses, polymers, composites, semiconductors, ther-
mocouples, ferroelectrics and piezoelectrics, magnetic materials and metals.

The present writing on classification of materials may additionally be drawn to another
fundamental aspect and this is about a very well known scheme of classification or a way of
grouping of elements. It is the periodic classification of elements. Graphical portrayals of
the periodic classification of elements are familiar as periodic tables. The table represents
an arrangement of elements in order of the increasing atomic number in horizontal rows,
known as periods. The columns of the table are known as groups. The elements in any
group have similar chemical properties. Each group is assigned a number, written at the
top of the vertical column. The numbering system used so far has varied since its formal
form given from the time of Mendeleev. A numbering uses a combination of roman nu-
merals and the letters A or B to label each group while another recommends that the 18
groups be numbered consecutively from left to right, 1 to 18. The numbering scheme, the
later one, for the groups will be used in the present text.

The elements in two groups at the far left (1, 2) and the six groups at the far right, as
group 13 through 18 are called the representative elements or main group elements and
those in the central region labelled as B (3—12) are the transition elements. The two series,
the first one, the lanthanides (cerium, Ce, through lutetium, Lu) are the elements that
follow lanthanum (La) in period 6, and the second one, the actinides (thorium, Th, through
lawrencium, Lr) are the elements that follow actinium (Ac), in period 7, are known as inner
transition elements. These two series of elements do not belong to any of the groups labeled
at the top of the table. It is possible in a broad sense to classify elements as metals or
nonmetals. The diagonal line or stairway that can be drawn from the left to the lower right
of the periodic table can be looked upon as dividing metals from nonmetals. Elements
below and to the left of this line are metals. Included among the metals are (i) all of the
elements in group 1 (except H) are known as alkali metals and those in group 2 are known
as alkaline Earth metals; also Al (but not B) in group 13, (ii) all of the transition metals, (iii)
the elements to the right of the transition series in groups 13 (Ga, In, T1), 14 (Sn, Pb), and
15 (Bi) (collectively, these elements are called as post-transition metals), and (iv) the lantha-
nides and actinides (the inner transition metals). Elements above and to the right of the
diagonal line are classified as nonmetals. It may be noted that along the diagonal line in the
periodic table there are several elements that are difficult to classify exclusively as metals or
nonmetals. These elements are boron, silicon, germanium, arsenic, antimony, and tellu-
rium. Their properties are in between the metallic and nonmetallic classes. They are often
together called as metalloids.
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13
Some Characteristics of Metals

1.3.1
General

It is obvious from the text described in the last paragraph of the preceding section that
periodic table is replete with elements that are metals. It turns out that three fourths of all
naturally occurring chemical elements are metals and that each metal occurs in a multi-
tude of minerals from which it can be won and put into the service of man. Some members
in the family of metals have been specially classified as rare metals group. The members
belonging to this family come from almost all the groups of the periodic table. They are
classified into five categories: light rare metals, refractory rare metals, scattered rare metals,
rare Earth rare metals and radioactive rare metals (Figure 1.1). It can be seen in this figure
that rthenium figures in two groups. It is a typical scattered metal. However, on account of
its properties, it may also be classified as a refractory metal.

1.3.2
Electronic Structure

Detachment of an electron from an atom and taking it into the form of positive ion requires
an expenditure of energy which is the ionization energy or the ionization potential. The
first ionization energy is the energy change for removal of the outermost electron from a
gaseous atom to form a + 1 ion. In general, in the case of the main group elements, ioniza-
tion energy decreases moving down in the periodic table and increases going across, al-
though there are several exceptions. A consequence of the outer electrons in a metal atom
being quite far from the nucleus is that they are weakly bound to it. This weak binding is
reflected in the low values of the ionization energy. This is why metals readily part with
their valence electrons, playing the role of reducing agents. The magnitude of the ioniza-
tion potential can be taken as a measure of the extent of the metallicity of an element. The
smaller the potential, the easier it is to detach an electron from an atom and the stronger
are the metallic properties of the element.

A common feature of metal atoms is that they are generally larger in size in comparison
with nonmetal atoms. A characteristic of nonmetals is that their atoms have the ability to
attach electrons to themselves, leading to the formation of anions. The opposite is true for
the metals and as told they alter to cationic forms when their removable electrons leave
them.

The higher the valency of a metal, the greater will be the number of electrons in the
outermost shell. Now, since the positive charge residing in the nucleus remains unaltered
by the removal of electrons, its attractive influence will progressively increase with the re-
moval of each successive electron. It follows that when there are a number of electrons in
the outermost shell, the removal of electrons will progressively tend to be more and more
difficult as each electron is taken out.

The larger the atomic volume of an atom, the less strongly will the positively charged
nucleus be able to hold the electrons in the outermost or the valency shell. In other words,
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Figure 1.1 Classification of the rare metals (a = period).
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the more easily will such an atom lose one or more electrons to become an ion. Such is the
case with the atoms of a large number of metals.

Although it is possible, by the loss of several electrons, for certain metal atoms to form
polyvalent cations upto a maximum valency of four (e.g., tin forms the tetravalent stannic
ion, Sn*"), the formation of polyvalent anions is extremely difficult since for the acquisition
of each additional electron the attractive force exerted by the nucleus on each individual
electron becomes progressively smaller. It is for this reason that the maximum valency for
a simple anion is found to be two.

The metallic structure essentially consists of atomic nuclei and associated core electrons,
surrounded by a sea of free electrons. The high electrical conductivity of metals is derived
from the presence of these free electrons. In addition to high electrical conductivity, the free
electrons provide the metals with good thermal conductivity as well. The electrical resistiv-
ity of a metal increases with temperature.

Metals are noted for their high reflectivity and optical opacity. Both these properties are
explainable in terms of the behaviour of the free electrons. They oscillate in the alternating
electrical field of the incident light beam, absorbing energy at all wave lengths; this makes
the metals opaque. The oscillating electrons give out light rays and in this way produce the
reflected beam, accounting for the high reflectivity.

Metals are immune to radiation damage by ionization. This is also a consequence of the
free electron structure. Fast charged particles and ionizing rays can knock off electrons
from the atoms they encounter. In metals, the positive vacancies so formed are immedi-
ately filled up by the electron gas, leaving no sign of damage apart from a small amount of
heat.

133
Crystallography

All metals in common with many ceramics, some plastics and most minerals, are crystal-
line. The crystalline state is one in which the constituent atoms or molecules are arranged
in a regular repetitive and symmetrical pattern in space. The study of the characteristics of
crystals is known as crystallography. The properties of metals and other crystalline materi-
als are greatly dependent on their crystal structures and on the imperfections or crystal
defects that they may contain. A second reason for studying crystal structures is that each
crystalline substance (elements/compounds) possesses a definite crystal structure. Thus,
the crystal structure provides a means of distinguishing between various compounds or
elements, even in cases where they are chemically identical. For example, gamma iron and
alpha iron are both allotrophic forms of the element iron, and have the same chemical
constitution but different crystal structures. In the study of crystal structures of metals the
unit cell constitutes the basic unit of a crystal structure. A unit cell is a small grouping of
atoms or molecules which, if repeated indefinitely in three dimensions produce a crystal of
macroscopic dimension. The unit cell, therefore, exhibits all the properties of the large
crystal. Thus, it is only required to known the structure of the unit cell in order to be able to
specify the structure of the whole crystal.
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1.3.3.1 Crystal Systems
One of the concepts in use to specify crystal structures the space lattice or Bravais lattice.
There are in all fourteen possible space (or Bravais) lattices.

The points of each of the space lattices can be best addressed by making reference to a set
of three coordinate axes which define the directions of the three edges of the unit cell.
These edges may or may not be of equal length, and may or may not be inclined at equal
angles to one another. On the basis of the lengths of the unit cell edges and their inclination
with respect to each other it is possible to define seven crystal systems. If these lengths are
denoted by a, b, and c and the interaxial angles are denoted by a,, B, and ythe crystal systems
can be differentiated in the manner described in Table 1.1.

Space lattices and crystal systems provide only a partial description of the crystal struc-
ture of a crystalline material. If the structure is to be fully specified, it is also necessary to
take into account the symmetry elements and ultimately determine the pertinent space
group. There are in all two hundred and thirty space groups. When the space group as well
as the interatomic distances are known, the crystal structure is completely determined.

Table 1.1  Crystallographic systems.

[\

B _
b
a
Y
System Crystallographic elements Examples
Areas Angles

Cubic a=b=c oa=PB=7=90° CuF,, ZnS, NaCl, Pt, Fe, Diamond, PD,

KCl, Cu, Ag, Au, AgCl, As
Tetragonal a=b#c oa=RB=7=90° CaWO,, SnO,, Sn, TiO,, PbWO,,

PbMO,, CuSO, - 5 H,0
Orthorhombic azb#c oa=Pf=y=90° ZnSO,,PbCO;,KNO;,BaSO,, MgSO,
Monoclinic atb#c o="7=90%p #90° Na,SO, - 10 H,0 CaSO, - 2 H,0,

Na,80, - 10 H,0
Triclinic a#zb#c o=PB=7#90° CuSO, - 5 H,0, H;BO;, K,Cr,0,
Hexagonal a=b#c o=p=90°%y=120° Beryl, Be, graphite Mg Zn Cd, Hgs,

Ca; apatite, CuS, pyrrhotite
Rhombohedral a=b=c o=PB=y#90° Calcite, magnesite, quartz, ice, Sb, Bi,

millerite, cinnabar, corundum
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Since the atoms in a crystal are arranged in a regular manner, it is evident that planes can
be defined which will contain many atoms. The simplest of such planes are those defined
by any two axes of the coordinate system used to define the crystal system. Other planes
will, of course, be more complex; their occurrence, however, should be obvious. The impor-
tance of these planes becomes evident while discussing the features and properties of a
crystal such as its orientation, and the twinning and the slip systems associated with it. It s,
therefore, important to have some system of nomenclature which will distinguish these
planes and define their orientation. The system of nomenclature traditionally used is that
of Miller indices. As mentioned earlier, it is convenient to define three coordinate axes to
describe the crystal system. Starting at the intersection of these axes and proceeding along
any one of them, identical points will be encountered at periodic intervals; the smallest of
these intervals in each direction describes the unit cell. To find out the Miller indices of a
plane, it is required first to find its intercepts on the three coordinate axes X, Y, and Z in
terms of multiples or fractions of the unit cell edge lengths, a, b, and c, the values of which
are known as the lattice parameters. If a plane is parallel to one of the axes, the correspond-
ing intercept is considered as infinite. The reciprocals of the values of these three intercepts
are then considered, and these reciprocals are reduced to the three smallest integers having
the same ratio. These integers, written in parenthesis, are the Miller indices of the plane.
For purposes of general description, the letters, h, k and | are used to refer to these integers.
The Miller indices of the plane would thus be written as (h, k, I). In an example, where a
plane intersects the X-axis at four units, the Y-axis at infinity, and the Z-axis at two units, the
intercepts are 4, o, 2, so that the reciprocals of the intercepts are %, 0, %; when multiplied
by 4, these give the Miller indices 1, 0 and 2 and the plane is represented as (1 0 2), corre-
sponding to (h k ) of the general case. As a consequence of the reduction to the smallest
integers, parallel planes will have the same indices. It may be pointed out that the coordi-
nate axes extend to both the positive and the negative directions from the point of their
intersection (which may be taken as the origin), so that negative indices are also possible.

Direction indices are also frequently used in crystallography to specify the direction or
the orientation of a line in the crystal. If a point is moved from the origin (the intersection
of the coordinate axes) to some other position in the crystal by means of translations paral-

Y

-2

Figure 1.2 Miller indices of some important planes.
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lel to the coordinate axes, the direction indices of the line connecting the origin and the
final translated location will be given by the numbers x, y and z, where x is the number of
units of a that the point moved parallel to the X-axis, y is the number of units of b that the
point moved parallel to the Y-axis, and z is the number of units of ¢ that the point moved
parallel to the Z-axis. The values of x, y, and z are reduced to the simplest integers, and are
presented in square brackets [x y z] to signify that they are direction indices. Figure 1.2
shows some of the important crystal planes with their Miller indices. In this figure, the face
diagonal of the base of the parallelpiped will have the direction [110], the X-axis will have
the direction [100], and the body diagonal, the direction [111].

1.3.3.2 Metallic Crystal Structures

The term crystal structure in essence covers all of the descriptive information, such as the
crystal system, the space lattice, the symmetry class, the space group and the lattice param-
eters pertaining to the crystal under reference. Most metals are found to have relatively
simple crystal structures: body centered cubic (bcc), face centered cubic (fcc) and hexagonal
close packed (cph) structures. The majority of the metals exhibit one of these three crystal
structures at room temperature. However, some metals do exhibit more complex crystal
structures.

1.3.4
Alloying

The unsaturated nature of the metallic bond accounts for several of the typical metallic
properties. It is responsible for the ability of some metals to accept small atoms, as for
instance, carbon, nitrogen and hydrogen, in the interstitial spaces between the metal at-
oms. It also accounts for the alloying properties between metals. When two metals such as
copper and nickel are mixed together, each atomic species reacts fairly indifferently to the
other, because their atoms are held together by the common free electron cloud to which
both have contributed. In this way it is possible to form alloys over wide ranges of compo-
sition by randomly replacing atoms of one metal by those of another. Such a “solid solu-
tion” is called a substitutional solid solution. For extensive solid solubility to occur, the two
metals must be quite similar as defined by Hume-Rothery rules: (i) less than about 15%
difference in atomic radii; (ii) the same crystal structure; (iii) similar electronegativity; and
(iv) the same valence. If one or more of these rules get violated, only restricted solid solubil-
ity results. For example, in the aluminum-silicon system, the rules (i), (ii) and (iv) are
violated and that explains why aluminum can dissolve not even about 2 atomic percent of
silicon. In situations where atom sizes of the two components differ greatly, the substitu-
tion of a larger atom by a smaller atom at the lattice site of the former may not be energeti-
cally stable. In such cases a more stable configuration may be obtained when the smaller
atoms place themselves in the interstitial spaces among the adjacent atoms in the host
crystal lattice. This gives rise to what are known as interstitial solid solutions. Solid solu-
tions of this type often constitute very important phases in steels.
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1.3.5
Mechanical Properties

Metals in general possess some characteristic properties. However, many of these proper-
ties are not exclusive to metals but are exhibited by some nonmetals as well. Lustre, for
example, is usually taken as characteristic of metals, but it is not their prerogative alone,
because nonmetals like iodine and graphite also have a metallic lustre. Again, although
metals possess the property of conducting electricity to a remarkable degree, the nonmetal
graphite is used extensively in electrodes in electric furnaces to conduct the current to the
charge or the arc. The exclusivity to metals holds when terms of reference rests on me-
chanical properties. Such mechanical properties as malleability and ductility, whilst are not
truly possessed by all metals, are essentially recognised as metallic characteristics.
Mechanical properties per se concerns with the qualities which determine the behaviour
of a material towards applied forces. The ability to support weight without rupture or per-
manent deformation, to withstand impact without breaking, to be mechanically formed
into different shapes — all these depend upon a combination of mechanical properties char-
acteristic of metals. Four types of behaviour of a material under stress are very important:
linear or elastic behaviour, plastic behaviour, creep behaviour and fatigue behaviour.

1.3.5.1 Elastic Deformation

Itis useful to get preliminary learning on the mechanical properties of materials under simple
static tension. Members of engineering structures are often subjected to steady axial loads
in tension. Moreover, the response of materials subjected to other types of loading also can
often be explained or predicted on the basis of knowledge of their behaviour under simple
tension. In addition, such behaviour is usually quite easy to study experimentally.

When a solid bar is loaded axially in tension, it elongates more and more with increasing
load. The mechanism by which such elongation occurs can be visualised as a progressive
increase in the separation of the atoms of the bar in the direction of loading, i.e., in the axial
direction. The displacement of the atoms from their equilibrium positions results in the
development of attractive forces between them; these forces balance the applied load. This
elementary picture can be considered to be applicable to the initial stages of deformation of
many types of materials, crystalline as well as amorphous.

If the deformation involves only an increase in the separation of atoms in the direction of
loading by relatively small amounts, the atoms can return to their normal equilibrium
positions when the applied force is withdrawn (i.e., the load is released). In such a situa-
tion, the axially loaded bar regains its original size and shape and the deformation is termed
elastic deformation. Elastic deformation is reversible.

In the context of elastic deformation two parameters, known as stress and strain respec-
tively, are very relevant. Stress is an internal distributed force which is the resultant of all
the interatomic forces that come into play during deformation. In the case of the solid bar
loaded axially in tension, let the cross sectional area normal to the axial direction be A,
From a macroscopic point of view the stress may be considered to be uniformly distributed
on any plane normal to the axis and to be given by ¢ A, where ¢ is known as the normal
stress. The stress has to balance the applied load, F, and one must, therefore have 6 A, =F
or ¢ = F/A,. The units of stress are those of force per unit area, i.e., newtons per square
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meter (Nm™2) or pascals (Pa). The elastic deformation results in an elongation of the bar
and the elongation per unit length is termed strain. If L is the original length of the bar and
d is its total elongation then the strain, ¢, is given by € = §/L,,. Being the ratio of two lengths
strain is dimensionless.

As the atoms are pulled apart in the direction of the applied force during elastic deforma-
tion, they are simultaneously pulled inwards; as a consequence of this, the longitudinal
elongation is accompanied by a lateral contraction. The ratio of unit lateral contraction, or
lateral strain, and longitudinal strain is known as Poisson’s ratio. If the former is denoted
by &, and the latter by ¢,, then ¢, = —u &, where p is Poisson's ratio. The negative sign indi-
cates that one strain corresponds to contraction and the other to expansion. It is found that
for most metals the value of Poisson’s ratio is close to 0.33. If the bar is now assumed to be
of square cross section with lateral dimension a, then A, = a* and V, = L, a* where V, is the
volume of the bar. On being subjected to axial loading its length increases by the amount &
= g, L, while both of its lateral dimensions decrease by the amount pea. Due to these
dimensional changes the volume of the bar now becomes

V=(LotexLo) (@ Leya)(a—Ne,a)
=Ly a(l+g,)(1-pe,)
=Voll+e,(1-2p) + e’ -2 + 1’ €

Usually e, is very small so that the terms containing €2 and &> can be ignored. The unit
change in volume can then be expressed as:

ﬂ=u=sx(l—2 0]
VoV,

The quantity AV/V, remains positive as long as the value of u does not exceed 0.5. In
most situations p < 0.5 and thus elongation is accompanied by a dilatation or increase in
volume.

In order to examine the elastic behaviour of a material in static tension, a uniform bar of
the material may be loaded slowly and simultaneous observations of load and elongation
made at regular intervals. The load and elongation data so obtained can be converted to
stress and strain and plotted in the manner indicated in Figure 1.3 (A). Such a plot is known
as a stress-strain plot. Such plots are usually linear though nonlinear plots may also be
obtained in some cases as depicted in Figure 1.3 (B). However, as long as the deformation
is elastic, the curve returns to the origin on unloading.

Most engineering materials, particularly metals, follow Hooke’s law by which it is meant
that they exhibit a linear relationship between elastic stress and strain. This linear relation-
ship can be expressed as ¢ = E € where E is known as the modulus of elasticity. The value of
E, which is given by the slope of the stress-strain plot, is a characteristic of the material
being considered and changes from material to material.

The important elastic properties of a material undergoing deformation under static ten-
sion are stiffness, elastic strength and resilience. For a material obeying Hooke’s law, the
modulus of elasticity, E (= 6/¢), can be taken to be a measure of its stiffness. The elastic
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Figure 1.3  Elastic stress—strain diagram: (A) linear; (B) nonlinear.

strength of such a material is determined by the highest stress upto which its behaviour
remains elastic. If the proportionality between stress and strain holds over almost the en-
tire elastic range, which is usually the case with most materials, elastic strength corre-
sponds to the value of stress which marks the termination of this proportionality and is
known as the proportional limit, 6p;. The proportional limit can be found experimentally
by obtaining a stress—strain plot and carefully determining the point at which a deviation
from liner behaviour is first exhibited. The elastic strength of a material is often expressed
in terms of another measure, namely, its yield strength which is discussed later in this
chapter.

The term elastic limit is mainly a definition. It describes a stress which, if exceeded, will
influence plastic deformation. Experimentally, the elastic limit is practically unattainable
because it is a limit. Either it has not been reached or it is overreached. Ideally, the elastic
limit and proportional limit are the same.

The term elastic resilience pertains to the capacity of a material to absorb energy elasti-
cally. In the case of a bar elongated elastically in static tension, the energy absorbed by the
bar arises from the work done by the applied force. Provided that the deformation is elastic
as well as linear in nature, this absorbed energy is stored in the material of the bar in a
recoverable form as strain energy which equals the work done by the applied force. If x is
the instantaneous elongation and F(x) is the applied force expressed as a function of x, the
strain energy, U, is given, therefore, by

S
U= JF (%) dox
0
since F(x) = 0 Ay and x =€ L, so that dx = L, d ¢, the expression for strain energy becomes

€
U=A0 LO JGdE
0
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Figure 1.4 Linear elastic stress-strain relation.
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since € = §/L,. Dividing both sides of this equality by the volume A, L,, one obtains

This expression indicates that U, the strain energy per unit volume is given by the area
under the stress—strain plot over the strain range € = 0 to € = . If Hooke’s law holds, i.e., if
o = E¢, it follows that

It can be easily shown that equivalent expressions for the strain energy per unit volume
are U=oc¢/2 and U= 6%/2 E. The modulus of elastic resilience, U,, of a material is defined
as the strain energy absorbed per unit volume when it is stressed to its proportional limit.
Thus,

2 2
U = Eepy _ Op €pL _ OpL
' 2 2 2E

The shaded area in the stress—strain plot shown in Figure 1.4 is numerically equal to the
modulus of resilience. It is to be noted that for a given value of E, U, directly proportional to
op, while for a given value of 6p;, U, is inversely proportional to E (stiffness).

1.3.5.2 Plastic Deformation

Continuing the discussion on the deformation of a solid bar loaded axially in tension, it is
interesting to consider the phenomena after the limit of elastic deformation is reached. As
the tension on the bar increases progressively, the atoms are pulled farther and farther apart
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and a point is reached when deformation ceases to be reversible. This marks the end of the
elastic range. Elongation no longer involves a simple pulling apart of the atoms from their
equilibrium positions. Irreversible structural changes start occurring. The termination of
the elastic regime is brought about by one of two possible phenomena: fracture or yielding.

Fracture initiates at some imperfection such as a crack of macroscopic dimensions. Stress
concentration occurs at such imperfections. If the local value of stress at an imperfection
becomes so large as to exceed the cohesive strength of the material, the atomic bonds in
that region break. As this happens, the imperfection, which was originally confined to a
microscopic region, rapidly spreads across the bar, resulting in complete fracture. If this
happens while the overall deformation is still elastic, the material is said to behave in a
perfectly brittle manner. Materials such as some ionic crystals, glass, cast iron etc. tend to
be perfectly brittle. However, generally even such materials undergo some finite, albeit
small extent of yielding before getting fractured. Some aspects of fracture have been dealt
with in a later chapter.

Yielding is a manifestation of the possibility that some of the atoms (or molecules) in the
stressed material may slip to new equilibrium positions due to the distortion produced by
the applied tensile force. The displaced atoms can form new bonds in their newly acquired
equilibrium positions. This permits an elongation over and above that produced by a sim-
ple elastic separation of atoms. The material does not get weakened due to the displace-
ment of the atoms since they form new bonds. However, these atoms do not have any
tendency to return to their original positions. The elongation, therefore, is inelastic, or
irrecoverable or irreversible. This type of deformation is known as plastic deformation and
materials that can undergo significant plastic deformation are termed ductile.

By increasing tension slowly and by taking simultaneous readings of load and elongation
at regular intervals a stress—strain plot showing elastic as well as inelastic or plastic ranges
can be obtained. Typical stress—strain plots for a perfectly brittle material (only elastic defor-
mation), a material of low ductility (only a small amount of plastic deformation) and a
ductile material (significant plastic deformation) are shown in Figure 1.5 (A-C).

The most common mechanism by which yielding occurs in crystalline materials is slip, in
which two planes of atoms undergo a relative displacement with respect to each other so that
one whole section of the crystal is shifted relative to another. For each crystal structure there
are certain preferred planes on which slop can occur most readily. In general, these preferred
planes are those in which the atoms are the most closely spaced. Since these planes contain
the largest number of atoms per unit area, they are also the most widely separated planes
because the number of atoms per unit volume of the crystal is fixed. Again, for each crystal
structure there are certain directions along which slip can occur most easily. Generally these
directions of easy slip correspond to those directions in the slip plane along which the atoms
are most closely spaced. By way of an example, it may be mentioned that in face centered cubic
crystals the (III) type planes and the [110] type directions are respectively the closed packed
planes and the close packed directions; these are also the preferred slip planes and directions.

In most ductile materials it is found that as yielding progresses, an ever-increasing stress
is required to produce further yielding. This is reflected in the stress—strain plot of a ductile
material (Figure 1.5 C): stress always increases with increasing strain. This is the effect of a
phenomenon known as strain hardening or work hardening. Like yielding, strain harden-
ing is an important feature of plastic deformation.
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Figure 1.5 Typical stress—strain diagrams.
(A) Brittle material; (B) low ductility material;
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In the plastic range of mechanical behaviour the strain has two components. In addition
to the irrecoverable plastic strain that results from yielding, there is also a recoverable elas-
tic strain component. An elementary explanation for this is presented here. In order to
provide the internal stresses required to balance the externally applied load the atoms must
always be displaced to a certain extent from their equilibrium positions. With the progress
of yielding the atoms get shifted to new equilibrium positions; however, they must move
slightly away from these new positions so that the necessary interatomic forces are gener-
ated. Thus in the plastic range two distinct mechanisms — elastic and plastic — always come
into play in producing strain and the total strain necessarily has two components. The
elastic component normally continues to increase at a constant rate dictated by Hooke’s
law. The plastic component, on the other hand, increases more rapidly with increasing
stress. As indicated earlier, elastic strain leads to an increase in volume. This is a conse-
quence of the atoms being pulled away from their equilibrium positions. Plastic strain,
which involves shifting of atoms to new equilibrium positions, is not accompanied by any
significant change in volume.

At any given instant the process of yielding is localised at many points which are distrib-
uted throughout the material undergoing plastic deformation. The yielding of such a point
is accompanied by a slight reduction in area and a concomitant increase in stress. At the
same time, however, the material undergoes strain hardening and thus becomes capable of
withstanding the increased stress. The next yielding occurs at a different point. On a mac-
roscopic scale, the overall effect of this random yielding is that the strain remains uniform
along the length of the bar. On a microscopic scale there is continued competition between
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the increased stress due to reduction in area and the increased strength brought about by
strain hardening. The latter more than compensates for the former and the strain remains
essentially uniform.

The rate of strain hardening decreases with increasing strain in many materials. It may
so happen that beyond some value of strain the strengthening due to strain hardening is
insufficient to compensate for the increased stress resulting from area reduction. When
such a situation is obtained in some location of the material undergoing plastic deforma-
tion, the plastic strain continues to increase there because the rate at which stress increases
is greater than the rate at which strengthening occurs at that location. This localised in-
creases in plastic strain takes place with no increase in load. All further elongation occurs at
that location and a neck or constriction starts to form there. With progress of deformation
the rate of strain hardening continues to fall locally and the load bearing area continues to
decrease; as a consequence, the load required to bring about further deformation becomes
smaller and smaller. This process continues until rupture occurs. The situation described
above is encountered in many ductile materials and is known as plastic instability. It is
characterised by a maximum in the load versus elongation curve (Figure 1.6). The condi-
tion that has to be satisfied for plastic instability to occur is given by dF =0, or d (c A) =0,
where A stands for the load bearing area. Since both stress and area are variables, this
condition can be expressed as

Ado+o0dA=0

Here the term A do represents the increase in load due to strain hardening and is posi-
tive since do is positive; the term ¢ dA represents the decrease in load due to area reduction
and is negative since dA is negative. Before the maximum load (F,,,, in Figure 1.6) is reached
the absolute value of the first term exceeds that of the second term and dF is positive. At the
maximum load these values are equal and dF is zero. After this point the second term
dominates and dF becomes negative.

The plastic deformation of a member terminates with its rupture which normally occurs
at the smallest section of the neck formed due to plastic instability. After being loaded into
the plastic range, if the member is unloaded before plastic instability occurs then the elastic

component of the strain can be recovered. This is a consequence of the atoms returning to
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Figure 1.6 A load versus elongation diagram for a typical ductile metal, showing plastic instability.
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their relevant equilibrium positions. However, the irrecoverable plastic component of the
strain is manifested as a permanent elongation (permanent set) of the member. This is
illustrated in the schematic stress—strain plot shown in Figure 1.7. It is to be noted that the
unloading line is parallel to the initial elastic loading line. If the member is reloaded after
unloading the atoms are again displaced to the positions that they occupied before unload-
ing and further yielding occurs on continued loading. However, as a consequence of the
strain hardening associated with the first loading into the plastic range, the proportional
limit exhibited during the second loading is higher than that exhibited during the first
loading.

In some materials the initiation of yielding takes place abruptly and not in a gradual
manner, with a good amount of plastic deformation occurring without any significant strain
hardening, i.e., almost without any increase in stress. In the corresponding stress—strain
plot, the point at which yielding commences is called the yield point. While in most metal-
lic materials there is a gradual transition from elastic to plastic strain with increasing stress,
in some cases, mild steel (which is essentially an iron—carbon alloy containing around
0.2% carbon) as for an example, there is a sharp discontinuity in tensile stress—strain curve
(Figure 1.8). The material behaves in an elastic manner upto a certain point, A, and then
suddenly yields. Point A is termed the upper yield point. The stress level necessary to con-
tinue plastic straining falls to level B, the lower yield stress, and a considerable amount of
plastic strain takes place at this lower level. After this sudden yielding has occurred the
stress has to be increased again to bring about further plastic strain, and beyond point C on
the curve normal strain hardening occurs. If the metal is stressed to some point, D, on the
curve and the stress is then removed elastic strain will be recovered along the path DO.
Immediate reloading of the test piece will give elastic strain to point D with continued
plastic strain beyond point D, but with no sudden yielding. However, if after stressing to
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point D and unloading, the sample is left at ordinary temperatures for about a week before
retesting (or heated at 100 °C for about one hour) it is found that the sudden yield phenom-
enon returns. This is termed strain ageing.

It may be pointed out that the term yield point is sometimes erroneously used as a syno-
nym for elastic limit and proportional limit. As it has been described in the paragraphs
above it is actually a phenomenon that occurs in only a very small number of cases in
tensile testing. As it has also been observed in the description that graphically and experi-
mentally, it is an anomalous behaviour in which there is a strain occurring with no increase
in stress.

The expressions for stress and strain introduced earlier in the context of elastic deforma-
tion need some modifications while dealing with plastic deformation. In the elastic range
the reduction in area and the strain are generally very small. In the plastic range, however,
these could be quite large. Stress and strain, when expressed as ¢ = F/A; and & = §/L,,
where A, and L, refer to the original dimensions of the member undergoing deformation,
are known as nominal or conventional or engineering stress and strain respectively. As
more appropriate descriptors of the mechanical behaviour of materials terms known as
true stress and true strain will now be introduced.

True stress, o', is defined as 6’ = F/A where A is the actual area of cross section of the
member corresponding to the load F.

True strain differs from nominal strain in that each increment in strain is expressed in
terms of the actual length of the member at the time of the increment rather than in terms
of the increment of the original length. The instantaneous nominal strain is given by
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where L is the instantaneous length. The increment in nominal strain corresponding to an
infinitesimal increase in length, dL, from L to L, is given by
L,-I, L-I, L -L dL

de=¢, —€e= - - -—
Ly Ly Ly Ly

True strain, €', is defined in such a way that the increment resulting from an increase in
length by dL is based on the instantaneous length, L:

_dL
L

de’

The total nominal strain, €, obtained by integrating the expression for the increment, de,
is given by

which is the same as the expression for the instantaneous nominal strain given earlier. The
total true strain, €’, obtained by integration is

e L
£=J.d€'= ﬂ=1r1L—lr1L0=lni
Lo

0 I, 0
since
L-1
€= oL 4
Ly Ly

At large plastic strains, the elastic strain component constitutes only a small fraction of
the total strain and the volume of the deforming member can be taken to remain essen-
tially unchanged so that one has

or
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It follows that ¢’ =1n A,/A for large plastic strains. The quantity A,/A is a measure of the
reduction in area due to deformation. One can define a quantity, the true reduction in area
(9'), in a manner analogous to the definition of true strain:

It could be seen that for large plastic strains the true strain and the true reduction in area
are identical.

In Figure 1.9 stress—strain plots of the same material, using nominal and true values, are
shown. Corresponding points on the two plots are connected by broken lines. It could be
noted that before the maximum load is reached the points on the true stress—true strain
plot are always located to the left of the corresponding points on the nominal stress—nomi-
nal strain plot. After the maximum load is reached the regime of uniform strain is termi-
nated and necking, with the associated localization of strain, starts. Because of the high
local strains in the neck the true stress—true strain plot overtakes the nominal stress—nomi-
nal strain plot in the sense that points on the former are located to the right of the corre-
sponding points on the latter. It should be reiterated here that nominal stress and nominal
strain are approximations that are not very inaccurate in the elastic range but become more
and more inaccurate with increasing strain in the plastic range. True stress and true strain
correspond to the correct values in the elastic range as well as in the plastic range until the
onset of necking. However, after a neck forms these also have to be regarded as approxima-
tions only since neither the stress nor the strain is uniform in any cross section in the neck.
Nevertheless, they indicate average values and approximate the true situation better than
nominal stress and nominal strain do.

Uniform Localized
strain strain

Necking

Nominal true stress (o, ¢")

Nominal Ultimate ~ Breaking
load load

Figure 1.9 Comparison between
nominal and true stress—strain.

Nominal true strain (g, €')
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The rate of strain hardening, do’/de’, at any given value of the true stain is given by the
slope of the true stress—true strain plot at that strain and is called the modulus of strain
hardening.

It has been found that in the case of many metals the observed stress—strain data approxi-
mately follow the empirical relationship 6’ = k; € (n < 1), where k; and n are constants that
vary from material to material. Taking logarithms one can write

logo” = logk, + nloge’

A plot of log 0" against log &” should thus yield a straight line whose slope is n and which
makes an intercept equal to log k; on the log ¢” axis (at ¢” = 1). Thus the constant k, repre-
sents the true stress at unit true strain and is termed the strength coefficient. The exponent
n is known as the strain hardening exponent.

It has been seen earlier that the condition for plastic instability can be expressed as

Ado+0dA=0

Replacing ¢ by ¢’ and dividing throughout by ¢” A, one obtains

o’ A

do’ dA

Assuming that the onset of plastic instability occurs at a fairly large value of plastic strain,
one may consider the volume to remain essentially constant, so that A L = A, L. Differen-
tiation gives

AdL+LdA=0
or
cda_dL_ g
AL

Thus it is seen that

do’
— =de’
o
or
do”
de’

This relationship indicates that for plastic instability to occur the modulus of strain hard-
ening, i.e., the slope of the true stress—true strain plot, should be equal to the true stress.
This result is independent of any assumed functional relationship between ¢’ and ¢’. If the
relationship ¢’ = k; & assumed to hold then one obtains

d_slznkl E(H_l): l:kl 8”

de
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so that
g=n

This relationship implies that the value of the true strain at which plastic instability sets
in, i.e., necking starts to occur, is equal to the strain hardening exponent.

Some of the important inelastic properties of a material undergoing plastic deformation
are yield strength, ultimate tensile strength, ductility and toughness.

The yield strength (YS) refers to the stress at which a ductile material commences to
yield. It is difficult to detect the beginning of yielding very precisely and it is necessary to
specify a certain measurable extent of yielding as the beginning of yielding. The value of
the yield strength depends upon the selection of this amount of yielding. The yield strength
can be determined from the stress—strain plot by following a simple procedure. The speci-
fied yield strain is measured along the strain axis and a straight line parallel to elastic part of
the plot is drawn through the point corresponding to this offset. The stress corresponding
to the point at which this straight line intersects the stress—strain plot is the required yield
stress or the offset yield strength which is a measure of the commencement of yielding and
of the termination of the elastic range. A very frequently used value of the offset strain is
0.2% (Figure 1.10).

In a material exhibiting a distinct yield point, the stress corresponding to the yield point
may be taken as the yield strength. When both upper and lower yield points occur, gener-
ally the stress corresponding to the lower yield point is taken to be the yield strength.

In design, whenever it is intended that a member should be in the elastic range under
load, the yield strength is used as the basis for obtaining a design or working stress. The
working stress, 6, is given by 6, =¢,/n, where o, is the yield strength and n, is an appropri-
ate factor of safety. Depending on the application the factor of safety may vary over a wide
range, its minimum value being unity. In engineering practice, the yield strength is usually
measured in terms of nominal stress.

Yield strength V

Stress ————p»

Figure 1.10 Determination of offset
yield point.

—| 0.002 F Offset (0.2 %) Strain ——p»
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The ultimate tensile strength (UTS) of a material refers to the maximum nominal stress
that can be sustained by it and corresponds to the maximum load in a tension test. It is
given by the stress associated with the highest point in a nominal stress—nominal stress
plot. The ultimate tensile strengths of a ductile and of a brittle material are schematically
illustrated in Figure 1.11. In the case of the ductile material the nominal stress decreases
after reaching its maximum value because of necking. For such materials the UTS defines
the onset of plastic instability.

For Drittle materials the UTS is generally used as the basis for obtaining the working
stress: 6, = 6,,/n, Where o, is the UTS and n,, is a factor of safety. The UTS may be used as
a basis for arriving at the working stress even for ductile materials in situations where some
permanent deformation is acceptable.

Ductility is one of the very important features of most metals. Two measures of ductility
are obtained from the tension test. These are the percent elongation in a specified length of
the deforming member at the time of rupture and the percent reduction in area of its small-
est cross section at rupture. The percent elongation varies with length on account of the
fact that the plastic strain is locally concentrated in the neck region, with relatively little
strain in other parts of the member. It is, therefore, very much necessary that the length is
specified while quoting the percent elongation. The main use of percent elongation as a
measure of ductility is for comparing the ductilities of materials. The percent reduction in
area can be found by measuring the area of cross section of the member before loading and
the area of cross section of the neck after fracture. If these two are denoted by A, and A¢
respectively, the percent reduction in area can be represented as 100 (A, — Ag)/A,. Ductility
can be expressed in terms of true stress and true strain also. One such measure of ductility
gives the maximum uniform strain and is represented by the true strain at maximum load.

Brittle
terial
"N Ductile
1 material
@
e
®
a .
E Ultimate
9] strength
P4
Ultimate and Breaking
breaking strength strength

Nominal strain ————

Figure 1.11  Depiction of ultimate tensile strengths of ductile and brittle materials.
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Another measure is the true fracture strain which is expressed in terms of the true reduc-
tion in area at fracture and is given by, € = q = In Aj/A;, where the subscript f refers to
fracture.

The toughness of a material indicates its overall capacity to absorb energy. Just as the
modulus of resilience is measured by the strain energy absorbed per unit volume in the
elastic range, the modulus of toughness is measured by the strain energy absorbed per unit
volume over the entire range of deformation upto rupture and is given by

El’
u= _[cds
0

where ¢, is the strain at rupture. The integral represents the total area under the stress—
strain plot. If the true stress—true strain plot is used, this area corresponds to the energy per
unit volume pumped into the material at the smallest part of the neck.

The time element has so far remained conspicuously absent. The deformation character-
istics is ordinarily considered independent of time. If, however, the rate of straining is
varied over several orders of magnitude, the true stress versus true strain curve may change
as a function of the strain rate, €,. A relationship can be used to express ¢’ at a given strain
¢, in terms of the strain rate, €’ : ¢’ = k, (€')", where k, is a constant and m is the index of
strain rate sensitivity. Certain interesting observations ensue from this relationship. If m = 0,
the stress is independent of the strain rate and all strain rates yield the same true stress
versus true strain behaviour. The value of m is approximately 0.2 for common metals.
A material may exhibit superplastic behaviour (deform to several hundred percent of strain
without necking) if m has a value in range of 0.4 to 0.9. The reason for this is that as soon
as necking starts in some region, the strain rate goes up locally; this results in a rapid
enhancement in the stress required to cause further deformation in that region. The defor-
mation then shifts to another region of the material, where there is no necking. In this
region the strain rate and hence the stress required for causing deformation are smaller.
Some stainless steels and aluminum alloys, with a very fine grain size, show superplastic
behaviour. It is on account of the fact that the value of m for glass approaches unity that a
glass blower is able to pull his working material to very long rods without necking. A mate-
rial behaves like a viscous liquid when the value of m approaches unity.

The behaviour of materials in static compression is in many ways similar that in static
tension described above. There are, however, important differences. Stress—strain diagrams
often differ for tension and compression, as does the amount of ductility exhibited by a
material and the mode of failure. Behaviour in the elastic range is important for brittle
materials, which are better adapted to compression than to tension. Behaviour in the plas-
tic range is involved in hardness measurements and technological forming operations such
as rolling and extrusion as well as in simple compression applications. It is in the plastic
range that the differences between compression and tension are the greatest.

1.3.5.3 Creep Deformation and Fatigue Deformation

The effect of temperature on the mechanical properties has definite place in specification
of a material for any particular application. Some materials become dangerously brittle under
arctic conditions, and all metals exhibit at elevated temperatures a phenomenon called creep.
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In the study of creep the usual procedure is to apply a constant stress or a constant load to
a member and measure the strain as it varies with time. Figure 1.12 (A) is a creep curve
plotted when done this way. Strength at normal temperatures is measured by a tensile test
and in this situation the elongation is not time dependent. However, at elevated tempera-
tures deformation under constant load progresses with time. Such deformation of a mate-
rial over a period of time is known as creep, so called because the phenomenon occurs at a
slow rate. A typical creep curve is a plot of strain, €, versus time, t. After the initial elastic
deformation at t = 0, there are three stages of creep deformation. Initially there is a rapid
increase in strain and this stage is called the primary stage (primary creep). This stage is
characterized by a decreasing strain rate (slope of the €’ versus t curve). This is followed by
the secondary stage (also known as steady state creep) which is characterized by a linear
dependence of ¢’ on t, i.e., by a constant strain rate. The slope of the creep curve in this stage
gives the creep rate commonly used for design purposes. The final stage is that of tertiary
creep in which the strain rate increases due to an increase in the true stress which results
from a reduction in cross-sectional area due to necking or internal cracking. In some cases,
fracture occurs in the secondary stage and the tertiary stage is absent. For the same mate-
rial, a creep curve corresponding to a higher load (or stress) is displaced upwards with re-
spect to a creep curve corresponding to a lower load (or stress). The most important proper-
ties used directly in design for creep are creep strength and creep rupture strength. They
are defined as the highest stress that a material can stand for a specified length of time without
excessive deformation, or rupture, respectively. Creep strength is determined experimen-
tally in several ways. One of the simplest is to test several specimens simultaneously, at the
expected operating temperature, but each under a different stress. If the length of time re-
quired to yield the allowable strain is measured for each specimen, a curve of stress vs time
can be plotted (Figure 1.12 B). Tests of this kind are commonly limited to 1000 hours. From
the results creep strengths may be tabulated on the basis of a specified amount of creep
strain for various temperatures. When testing times or available data are limited to 1000
hours, the creep properties used in design for longer times must be based on extrapolation.

In many situations metals and alloys are exposed to cyclic rather than static or monotonic
loading. For example, a turbine shaft, which carries the weight of the turbine discs and
blades as well as its own, is subject to alternating states of tension and compression as it
revolves. Its strength under this kind of repeated loading is much lower than its strength
when it experiences the same magnitude of stationary load. Thus with regard to the behav-
iour of materials when subjected to dynamic loading, such as in high speed machinery and
in air craft structures, the fatigue strength is of far greater importance to the engineer than
the yield or the ultimate tensile strength. The deformation of the static strength of a mate-
rial requires only a single or at most a few tests, whereas finding its the fatigue strength or
endurance limit may involve 20 or 30 separate tests, some of which take several days to
complete. A number of identical specimens are prepared and the test is carried out by
subjecting a specimen to a known alternating stress until it fractures. This is repeated at
differing stresses until sufficient results have been obtained to plot stress (S) versus number
of cycles to failure (N), on a logarithmic scale (Figure 1.13). The curve is also called an S-N
curve and shows that the decay in strength with increasing number of cycles reaches a
limit. This limit is called the endurance limit or fatigue strength. In a general way fatigue
strength can be defined as the stress which a material can withstand repeatedly for a given
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Figure 1.12  (A) Creep curve showing basic components; (B) stress versus time curve.
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Figure 1.13  Typical fatigue curve (S-N diagram for a material having an endurance limit, c,).
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number of cycles of stress (N). Thus, for all practical purposes, a value of stress can be
chosen at which the risk of fatigue failure is negligible. Obviously fatigue strength cannot
be measured directly experimentally simply because the stress must always be settled upon
prior to commencing the test and it would be impossible to preselect a stress for each test
piece such that its failure occurs at just N cycles. The fatigue strength is consequently
found by interpolation from the S—N curve. While the occurrence of an endurance limit is
the characteristic of ferrous alloys, nonferrous alloys tend not to exhibit such a distinct
limit. The rate of decay in their case, however, decreases with N. For a given material, prior
cold working or reduction of structural discontinuities help in increasing the resistance to
fatigue failure.

1.3.5.4 Hardness

Hardness signifies the resistance to deformation shown by materials undergoing abrasion,
cutting and indentation. As strength is also a measure of resistance to deformation, the two
properties are, to some extent, related; but not all hard metals are strong, for hardness takes
no account of brittleness.

Hardness is determined by hardness tests which involve the measurement of a material's
resistance to surface penetration by an indentor with a force applied to it. The indentation
process occurs by plastic deformation of metals and alloys. Hardness is therefore inher-
ently related to plastic flow resistance of these materials. Brittle materials, such as glass and
ceramics at room temperature, can also be subjected to hardness testing by indentation.
This implies that these materials are capable of plastic flow, at least at the microscopic level.
However, hardness testing of brittle materials is frequently accompanied by unicrack for-
mation, and this fact makes the relationship between hardness and flow strength less di-
rect than it is for metals.

In hardness testing, indentation is carried out by applying a load to a suitable indentor
placed on the surface of the material. It is understandable that the material of which the
indentor is to be made has to be considerably harder than the material to be indented.
Hardened steel and diamond are the typical indentor materials. Depending on the material
to be tested and the type of test to be employed, different combinations of load and indentor
are used in hardness testing. The tests besides playing their conventional role of investiga-
tion and assessment of physical condition of the material surface with respect to abrasion
and mechanical resistance also provide valuable information regarding the strength of the
material when it is not possible or convenient to carry out the usual tensile tests. They are
also used to investigate the effects of heat treatments, hardening and tempering, and of
cold working on strength. The description given below pertains to the Brinell, Vickers,
Knoop, Rockwell hardness and Shore scleroscope tests.

The Brinell test uses an indentor of 10 mm diameter hardened steel ball, and applies a
load which is usually 3000 kg. The Brinell hardness number (BHN) is defined as the load,
F (kilogrammes), divided by the surface area of the indentation. The expression given be-
low describes the definition.

2F
nD[D - (D* - d*)'/?]

BHN =
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where D is the ball diameter (millimeters), and d is the diameter of the impression
(millimeters). To obviate calculation, the Brinell numbers are usually obtained from tables
giving values of impression diameter and corresponding Brinell numbers.

The Vickers hardness test uses a square based diamond pyramid as the indentor which
gives geometrically similar impressions under different tests. The angularity of the pyra-
mid is 136° and loads ranging from 5 to 120 kg can be used. The diamond pyramid hard-
ness number (DPH, or alternatively, the Vickers hardness number, VHN) is determined by
dividing the load by the indented surface area. Since the load used in this test is less than in
a Brinell test, indentation size is reduced correspondingly. This requires more elaborate
techniques for measuring indentation dimensions, and also implies that the surface of the
material must be suitably prepared, for example by polishing it. For these reasons, the
Vickers hardness test is not as extensively used as the Brinell test. However, the variations
in load allowed by the Vickers test enables assessment of the hardness of materials with
widely varying plastic flow resistances. The DPH also has dimension of stress and is re-
lated to flow behaviour in a manner similar to the BHN. However, because there is no
plastic deformation of the diamond, this test may be used for very hard materials. As in the
case of the Brinell test, the hardness is given by load divided by the surface area of indenta-
tion. The hardness is quoted in Vicker’s pyramid hardness numbers (VPN, DHN, or Hp)
and is represented mathematically as

2 Fsin®/2
Hp = —
where F = applied load, 6 = angle between opposite pyramid faces, and d = mean length of
indentation diagonals. For a standard pyramid angle of 136 °C

Hp = 1.8;24 F

Brinell and Vicker’s hardness numbers are comparable upto value of about 300. For higher
hardness materials than this the Brinell values are slightly lower than Hj numerals for the
same material.

The Knoop test is a microhardness test. In microhardness testing the indentation dimen-
sions are comparable to microstructural ones. Thus, this testing method becomes useful
for assessing the relative hardnesses of various phases or microconstituents in two phase
or multiphase alloys. It can also be used to monitor hardness gradients that may existin a
solid, e.g., in a surface hardened part. The Knoop test employs a “skewed” diamond indentor
shaped so that the long and short diagonals of the indentation are approximately in the
ratio 7 : 1. The Knoop hardness number (KHN) is calculated as the force divided by the
projected indentation area. The test uses low loads to provide small indentations required
for microhardness studies. Since the indentations are very small their dimensions have to
be measured under an optical microscope. This implies that the surface of the material is
prepared approximately. For those reasons, microhardness assessments are not as often
used industrially as are other hardness tests. However, the use of microhardness testing is
undisputed in research and development situations.
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An alternative to the measurement of the dimensions of the indentation by means of a
microscope is the direct reading method, of which the Rockwell method is an example. The
Rockwell hardness is based on indentation into the sample under the action of two con-
secutively applied loads — a minor load (initial) and a standardised major load (final). In
order to eliminate zero error and possible surface effects due to roughness or scale, the
initial or minor load is first applied and produce an initial indentation. The Rockwell hard-
ness is based on the increment in the indentation depth produced by the major load over
that produced by the minor load. Rockwell hardness scales are divided into a number of
groups, each one of these corresponding to a specified penetrator and a specified value of
the major load. The different combinations are designated by different subscripts used to
express the Rockwell hardness number. Thus, when the test is performed with 150 kg load
and a diamond cone indentor, the resulting hardness number is called the Rockwell C (R)
hardness. If the applied load is 100 kg and the indentor used is a 1.58 mm diameter hard-
ened steel ball, a Rockwell B (Rp) hardness number is obtained. The facts that the dial has
several scales and that different indentation tools can be filled, enable Rockwell machine to
be used equally well for hard and soft materials and for small and thin specimens. Rockwell
hardness number is dimensionless. The test is easy to carry out and rapidly accomplished.
As a result it is used widely in industrial applications, particularly in quality situations.

The Shore scleroscope test is a dynamic hardness test in which a small diamond pointed
hammer weighing 2.5 g is allowed to fall freely from a height of 250 mm down a glass tube
graduated into 140 equal parts. The height of the first rebound is taken as the index of
hardness. This test is particularly useful for the testing of the very hard metals, also for
insitu testing of parts such as dies, gears and the surfaces of large rolls. The test leaves no
visible impression.

Since the hardness test involves a substantial component of plastic deformation, hard-
ness values are linked with tensile strength and not with yield strength when correlation
between hardness and tensile properties are carried out. This appears to be a relationship
between the hardness and tensile properties are carried out. There appears to be a relation-
ship between he hardness of a metal and its tensile strength, but no general application has
been found to exist. However, the following empirical relationship appears to hold fairly
well for most steels, other than heavily cold worked steels or austenitic steels.

T.S. (MN/mm?) = 3.4 H,,

is given by 1.854 P/D? where Pis the load in kilograms applied to produce the indentation,
and D is the average of the measured diagonals of the indentation, expressed in mm. Since
the hardness test, by the very manner it is performed, involves a substantial component of
plastic deformation, hardness values are linked with tensile strength and not with yield
strength when correlation between hardness and tensile properties is carried out.

1.3.5.5 Toughness

The term toughness was referred to earlier in the context of tensile testing. The impact energy
in a way is an analog of toughness. An impact test is essentially a high speed tensile test. In
a matter microseconds, the material is taken through the elastic range partially into the plastic
region, then cleavage should take place. If too much plasticity is present, a valid measure of
the impact energy is not obtained, since the energy that is responsible for fracture is spent
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in performing plastic work. A brittle nature of failure is essentially the objective of the test,
although some plastic deformation will necessary take place. The most common laboratory
measurement of impact energy is by the Charpy test. The principle of the test is straightfor-
ward. The energy necessary to fracture a test sample piece is directly calculated from the dif-
ference in the initial and the final heights of the swinging pendulum of the Charpy machine.
The test sample is notched. The notch essentially acts as a stress concentrator and thereby
exerts a control over the fracture event. The sample is subjected to elastic deformation, plastic
deformation and finally fracture, in succession, as if a tensile test proceeds rapidly to com-
pletion. The impact energy derived from the Charpy test correlates with the area under the
stress—strain curve obtained in a tensile test. The impact data are sensitive to (i) the type of
the notch, (ii) the nature of stress concentration at the notch and the crack tips, and (iii) the
test temperature. Face centered cubic (fcc) metals and alloys generally show ductile fracture.
However, body centered cubic (bcc) metals and alloys show a significant variation in the frac-
ture mode with temperature. In general, they fail in a brittle manner at relatively low tem-
peratures and in a ductile manner at relatively high temperatures. The fracture surface cor-
responding to a high temperature ductile failure has a dimpled appearance with a number
of cuplike projections of the deformed metal. Brittle fracture is characterized by cleavage
surfaces. In the case of a failure that has occurred at a temperature close to the transition
temperature, the fracture surface has a mixed appearance. The ductile-to-brittle transition
temperature (DBTT) is of considerable practical significance. The metals and alloys that show
such a transition lose toughness and become susceptible to catastrophic failure below this
transition temperature. It is worthwhile to consider an example in this context. It is known
that a large fraction of structural steels have the bcc structure and because of this, the duc-
tile-brittle transition temperature is an important design criterion in structures where these
steels are used. The transition temperature for this class of steels generally occurs between
—100 and +100 °C. Low carbon steels that are ductile at room temperature can become brit-
tle when exposed to a lower temperature ocean environment. This accounted for several dis-
astrous failures of Liberty ships during World War II. Some of these ships broke into halves.

In conclusion, it may be mentioned that the characterization of the mechanical behav-
iour of materials has many facets. Different methods of testing pertain to different aspects
and conditions. The tensile properties, as determined by the tensile test, correspond to
slowly applied single load applications. Rapidly applied and cyclic load applications respec-
tively provide the impact and the fatigue properties. Hardness is an analog of the tensile
strength which a tensile test measures. The creep test pertains to mechanical behaviour
under long term loading at elevated temperatures.

1.4
Resources of Metals

1.4.1
General

Present account provides a preliminary knowledge of the processes leading to mineral for-
mation. The coverage is amply illustrated. The account has also made references to re-
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sources other than the land based ones. Thus figures the oceanic resources. These particu-
lar ones and some others that have appeared in the presentation, however, are of no major
consequence as commercial resources of metals at present. Metals extracted from naturally
occurring resources are commonly known as primary metals and those derived principally
from scrap, as for example, as secondary metals. Primary metal production is by far the
largest involvement of chemical metallurgical operations. It is to be noted that the classifi-
cation into primary and secondary is no way a reflection of the quality of the metal. There is
neither any laid down criterion or certification nor any examination or test, chemical or
metallurgical or otherwise, which can be treated as the determining factor for a metal to be
identified as primary or secondary. It is perhaps simply a historically used expression that
has been in place to distinguish between the metals that have originated from the natural
resources or habitat, so to say, and those that have not. Secondary metal industry, however,
is a very well recognized industry. Just as an example mention may be made of the fact that
some of the best quality stainless steels are made almost entirely from scrap. Scrap is in
every sense an extremely important and valuable source of metals. One can go even more a
step ahead to add that in some specific situations it is placed really in high esteem as far as
goes its position to augment, correct and fulfill supply and availability status of particularly
of those metals which are not abundant or in the wanting list in a country.

1.4.2
Earth’s Crust

The Earth has geospherically been described in terms of five major zones. These are: (i)
atmosphere (extending to approximately 250 km above the Earth’s surface; general chemi-
cal feature: N,, O,, H,0, CO,, inert gases; general physical feature: gas), (i) hydrosphere
(thickness: 0-11 km; general chemical feature: saline and fresh water; general physical fea-
ture: liquid), (iii) lithosphere (thickness: 1200 km; general chemical feature: common sili-
cate rocks; general physical feature: solid), (iv) chalcosphere (mantle) (thickness: 1700 km;
general chemical feature: high content of sulfides of the heavy metals; general physical
feature: solid), and (v) siderosphere (core) (thickness: 3500 km; general chemical feature:
iron-nickel melt; general physical feature: liquid). The Earth proper is then composed of a
central core (siderosphere), the surface crust (lithosphere), and an intermediate layer be-
tween them called the mantle (chalcosphere).

The atmosphere contains no minerals (although it is the source of nitrogen for ammo-
nia-based fertilizers, and of argon used for many industrial purposes), while the major part
of the mantle and the core are inaccessible (the depth of the deepest mine exploited till now
is approximately 5200 m). The hydrosphere accounts for the major part of the production
of magnesium and sodium. The crust and the uppermost part of the upper mantle, to-
gether called the lithosphere, is the principal reservoir serving as the supplier of a majority
of the metals and materials. The lithospheric matter is continuously being recycled through
the process of plate tectonics, a process responsible not only for the changes in the configu-
ration of continents and oceans through the geological ages, but also for bringing several
mantle constituents to near the surface of the crust.

Present attention is focussed on the lithosphere which is the solid part of the Earth's
crust. Details as regards its components and composition are shown in Table 1.2. It is
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Table 1.2 Components and average composition of the lithosphere.

Components Average composition
Rock type Weight (%) Oxide Weight (%)
Igneous rocks 95.00 SiO, 59.07
Shale 4.00 AlO, 15.22
Sandstone 0.75 FeO 3.71
Limestone 0.25 Fe,04 3.10
CaO 5.10
Na,0 3.71
MgO 3.45
K,0 3.11
H,0 1.30
TiO, 1.03
Co, 0.35
P,0s 0.30
MnO 0.11
100.00 99.56

found to consist mainly of igneous rocks as seen from the data provided on the compo-
nents. The data on composition show that 99.5% of the solid, outer crust of the Earth, is
made up of 13 elements. These elements taken in the order of their abundance are (see
Table 1.3): O,, Si, Al, Fe, Ca, Na, K, Mg, Ti, P, H,, C and Mn, which are combined in
different ways to form silicates and oxides and smaller amounts of carbonates, phosphates,
and other compounds. The carbonates are found almost entirely in the sedimentary rocks.
S, Cl,, organic C, and F, (in decreasing order) jointly make about 0.2% and the metals, Ba,
RD, Cr, St, V and Zr (in decreasing order) jointly make about another 0.2%. All other metals
together make the remaining 0.1%. Table 1.3 conveys two noticeably important facts. One
is that some metals that are generally considered rare are actually present in good amounts
in the lithosphere. The example of titanium is considered. It is the ninth most abundant
element in the solid crust, although it is by and large regarded as rare. The same is true of
Ba and Rb. These and some others are widely distributed through the crust. Second strik-
ing fact which the table shows is that many of the daily and commonly used metals such as
Cu, Pb, Zn, Sn, Au, Ag and Pt are actually rare. It is thus obvious that before any metal can
be gainfully extracted from the Earth, it must have been highly concentrated by geological
processes leading to formation of economically important ores. This fact has also been
brought out elsewhere in the text. While on the subject it may be added that some specific
man-made processes may be very significantly instrumental to bring about a concentration
of an exceedingly rare metal. The example of tellurium metal may be considered. Its rela-
tive abundance in the lithosphere is only 0.2 parts per million. Its concentration during the
various processes of copper smelting and refining enriches to such an extent that its com-
mercial recovery as a by-product of the copper industry works out to be remunerative.

A classification of mineral deposits has been proposed which recognizes the importance
of concentration (or grade) as well as of geological occurrence. According to this classifica-
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Table 1.3  Relative abundance of the elements in the lithosphere.

Element % Element % Element % Element %
Actinium 3.10™ Europium 1-10" Neodymium 1.7 -10° | Scandium  5-10™
Aluminum 8.13 Fluorine 8 .10 Neon - Selenium 9.10°
Americium - Francium — Neptunium = Silicon 27.72
Antimony 1-10* Gadolinium 5 -10™ Nickel 8.0 - 10° | Silver 2.10°
Argon - Gallium 1.5-10° | Niobium 24 -10° | Sodium 2.83
Arsenic 5-10* Germanium 7 - 107 Nitrogen - Strontium 1.5 - 102
Astatine - Gold 1-107 Osmium - Sulfur 52107
Barium 4.3-107 | Hafnium 4.5-10" | Oxygen 46.6 Tantalum 21-10*
Beryllium 610" Helium - Palladium 1-10° Technecium -
Bismuth 2-10° Holmium 1.15 - 10 | Phosphorus 0.12 Tellurium 1.8 - 107
Boron 1.0 - 107 | Hydrogen 0.14 Platinum 5-107 Terbium 210"
Bromine 2.5-10" | Indium 1.0 - 10° | Plutonium - Thallium 3.10°
Cadmium 1.5-10° | Iodine 3.10° Polonium 3.10™ | Thorium 1.1-10°
Calcium 3.63 Iridium 1.0 - 107 | Potassium 2.59 Thullium 2.0-10°
Carbon 3.2-107 |Iron 5.00 Praseodymium 5 - 107 Tin 40-10°
Cerium 2.5-107 | Krypton - Promethium - Titanium 0.44
Cesium 3.2-10" |Lanthanum 1.7 -10° |Protactinium  8-10" | Tungsten 1.0 - 10™
Chlorine 48 -10% |Lead 1.5-10° | Radium 1.3 - 10" | Uranium 4.10™
Chromium 2.0 - 107 | Lithium 6.5 - 107 | Radon - Vanadium 1.5 - 107
Cobalt 2.3-107 | Lutetium 7.5-10° | Rhenium 1.0 - 107 | Xenon -
Copper 7.0 - 10° | Magnesium  2.09 Rhodium 1-107 Ytterbium 1.5 - 107
Curium - Manganese  0.10 Rubidium 3.1-107 | Yttrium 1.0-10°
Dysprosium 2 - 10™ Mercury 5.107 Ruthenium - Zinc 8.0 - 107
Erbium 1.5- 10" | Molybdenum 2.3 -10* | Samarium 3-10* Zirconium 2.2 - 1072
Abundancy range Element

Over 10% O (46.6); Si (27.7)

1-10% Al (8.1); Fe (5.0); Ca (3.6); K (2.6); Na (2.8); Mg (2.1)

0.1-1% C; H; Mn; P; Ti

0.01-0.1% Ba; Cl; Cr; F; Rb; S; Sr; V; Zr

0.001-0.01% Cu; Ce; Co; Ga; La; Li; Nb; Ni; Pb; Sn; Th; Zn; Yt

1-10 ppm As; B; Br; Cs; Ge; Hf; Mo; Sb; Ta; U; W; and most of the rare Earths

0.1-1 ppm Bi; Cd; I; In; T1

0.01-0.1 ppm Ag; Pd; Se

0.001-0.01 ppm Au; Ir; Os; Pt; Re; Rh; Ru

tion elements fall into two broad groups: one of geochemically abundant elements and the
other of geochemically scarce elements.

Figure 1.14 shows a typical distribution for the geochemically abundant elements in crustal
rocks. It could be seen that the proportion of the volume of material available for exploita-
tion increases in geometrical progression as grade falls in arithmetical progression. In a
sense, therefore, there is no finite limit to the availability of such elements, however, dilu-
tion with host rock implies that revenue would be insufficient to cover the fixed cost of
extraction.

The dividing line between a grade which is amenable to economic exploitation and one
which is uneconomic would depend on the cut off used and this, in turn, would be a func-
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Figure 1.14  Curve showing the typical distribution of the geochemically
abundant elements.

Current mining
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Figure 1.15 Curve showing the typical distribution of the geochemically scarce
elements.

tion of product prices, operating cost and the return expected from the initial capital cost of
the project. Important examples of mineral deposits corresponding to geochemically abun-
dant elements are those associated with oxides. These include magnetite (iron and vana-
dium), bauxite (aluminum), and ilmenite (titanium). These are, in general, exploited in
high tonnage bulk mining operations.

A typical distribution for the geochemically scarce elements is shown in Figure 1.15.
These are usually present as atomic substitutes in refractory silicate minerals. However,
geological processes lead to their preferential concentration in sulfides.

1.4.3
Minerals and Ores

It is extraordinary difficult to provide a sufficiently precise, yet concise, definition of the
term mineral that will entirely be satisfactory from all points of view. However, the term
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mineral has been described in several ways. As used by the mineralogist the term may refer
to a naturally occurring solid inorganic matter with distinctive physical properties and atomic
structure, and a composition that can be represented by a chemical formula. As used by the
mineral economist, the term may refer to a commercially traded product, derived from a
naturally occurring, nonliving, organic or inorganic, solid, liquid or gaseous substance. As
used in the description of resources, the term refers to a naturally occurring, nonliving,
organic or inorganic, solid, liquid or gaseous substance that has a known or potential use.

Minerals have two broad divisions: metalliferous minerals and nonmetallic industrial
minerals. Generally, the latter are associated with low unit value while the products ob-
tained from the former have relatively a higher unit value. In both types of mineral deposit,
the mineral of interest should occur in concentrations adequate to support its extraction in
an economically viable operation. This, in turn, depends strongly on the prevailing market
price for the product. Nonmetallic industrial minerals include those separated from source
rocks such as diamonds and asbestos. They also include monominerallic deposits by them-
selves, such as beds of gypsum, salt and sulfur. Other nonmetallic minerals which the
industry uses are feldspar, quartz, mica, spodumene, gemstones, fluorite, barite, magnesite,
and many others. Of these, spodumene and magnesite can as well be regarded as metallif-
erous because they are also mined to extract lithium and magnesium respectively. A dis-
tinction must be made between industrial minerals and industrial materials. The latter are
used as such without any processing. Examples of these are soapstone, pumice, limestone,
and shale, which are rocks, and clays such as kaolin, which are mixtures of hydrous
aluminum silicates derived from the weathering of rocks.

Many minerals are somewhat variable in their chemical composition because an element
may be substituted for another. Such atomic or ionic substitution takes place because a
mineral usually crystallises from natural solutions that contain other atoms or ions in addi-
tion to those necessary to form the particular mineral. Consequently, some foreign atoms
or ions often get incorporated in its structure. In fact, this is a fairly common phenomenon
among minerals. There are basically two ways by which substitution between two or more
ions of similar size and similar charge can take place and both these involve solid solutions.
In the first, a certain ion or ions may substitute for another only in limited amounts (the
extent of substitution being usually quite small). In the second, substitution of one ionic
species for another may occur very extensively, forming solid solution series. Regardless of
which type of substitution takes place, there is no change in the atomic structure of the
mineral. The mineral sphalerite, ZnS, provides an example of the first type of substitution.
In this mineral, iron (Fe) substitutes for some of the zinc (Zn). The formula of such a
mineral would be written as (Zn,Fe)S, to indicate that Fe substitutes for Zn. Occasionally,
other elements such as manganese (Mn), in addition to Fe, may substitute for Zn. The
formula then would be written as (Zn,Fe,Mn)S to indicate this substitution. The ideal for-
mula for sphalerite, ZnS, corresponds to the situation where there is no Fe and Mn substi-
tution. An example of the second type is seen in the mineral group called the olivines. In
this group, iron (Fe) and magnesium (Mg) may substitute for each other in unrestricted
amounts. The main components of this group are forsterite, Mg, SiO,, and fayalite, Fe,SiO,
(these two minerals being the two end members of the olivine group). Substitution may
degrade the value of a mineral as an ore as in chromite, where aluminum substitutes for
chromium (FeO(Cr,Al),05), or may enhance it, as in the case of tetrahedrite, an important
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source for silver, where silver partly replaces copper ((Cu,Ag),,Sb,S;3). It may be pointed
out that substitution alone does not account for the presence of one or more metals in
certain minerals. An example is the presence of cobalt (Co) and arsenic (As) in cobalite,
CoAsS. The absence of parenthesis in the formula for cobalite, CoAsS, implies that cobalt
(Co) and arsenic (As) both are primary elements in the structure and do not substitute for
each other.

Certain minerals may be mined and processed for more than one purpose. For instance,
bauxite, on the one hand, can be utilized for making bricks or abrasives and, on the other,
is used for the production of aluminum. It is often found that many nonmetallic minerals
are associated with metalliferous minerals. As an example mention may be made of galena,
the main mineral source of lead, which is found very frequently to be associated with fluorite
(CaF,) and barytes (BaSO,), both of which are important industrial minerals.

A single metal may be extracted from several minerals. Thus there are many minerals of
coppet, such as chalcocite, bornite, chalcopyrite, cuprite, native copper, and malachite; one
or more of these may occur in an individual deposit. Also, more than one metal may be
obtained from a single mineral; stannite, for example, yields both copper and tin. A min-
eral deposit, therefore, may yield several metals from different minerals.

Mineral deposits that are essentially as originally formed are called primary or hypogene.
The term hypogene also indicates formation by upward movement of material. Those de-
posits which have been changed by weathering or other superficial processes are secondary
or supergene deposits. It is the secondary minerals that prospectors encounter and during
the early days of mining operation it makes up the ore from which metals are won. How-
ever, such surface reactions are usually not deep and secondary minerals give way in depth
to the primary ore in which all great mines of world operate.

Some mineral products are employed essentially in the form in which they are mined,
with only shaping, crushing, cleaning or other treatments that do not change their compo-
sitions. Coal, in most of its uses, is a typical example. Most minerals are processed, how-
ever, to yield usable products — metals, chemicals or other materials from which most of the
items of utility are derived. As regards coal, it may be pointed out that it is often referred to
as a mineral, but unlike a true mineral, it has no fixed chemical formula.

Itis important that a clear understanding of the distinction is presented between mineral
and ore deposits. A mineral is a naturally occurring, homogeneous solid element or com-
pound, of definite composition, having an ordered atomic structure and, thus, in a crystal-
line condition. The solid materials of the Earth which is customarily recognised as rocks
are aggregates of one or minerals. The definition of ore goes as a naturally occurring aggre-
gate of minerals from which one or more metals may be extracted with profit or with hope
of profit. Economic factor dominates in the definition and this being so it may be stated
that all ore deposits are mineral deposits but the opposite is not true. A mineral deposit of
yesteryears which is not an ore deposit may become one today or in future years. This, of
course, depends upon number of other factors. An ore is not just an aggregate of minerals,
but must contain metallic minerals in such form and abundance that the metals can be
profitably extracted, as indicated in the definition. A mineral such as molybdenite (MoS,) is
always molybdenite, but a mineralised rock containing molybdenite may or may not be a
molybdenum ore. The economics of extraction depends on a number of factors. Some of
these are: the fraction of the valuable metal in the ore, the form in which the metal occurs
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(i-e., the nature of the mineral in the ore), the fraction of impurities in the ore, the physical
condition of the ore, the location and the magnitude of the ore deposits and their proximity
to transport facilities, the accessibility of the deposits and the market price of the metal.
Geographic setting is an important consideration in the evaluation of a mineral deposit.
For example, an iron ore deposit in a remote place would not be subject to the same eco-
nomic determinants as an iron ore deposit in an industrialised area. Both ore bodies may
have potential for development, but the remotely located deposit would need to be larger,
much higher in grade and much better suited to low cost mining in order to be competitive.
In consideration of local geography, site conditions might allow or disallow otherwise suit-
able methods of development, mining and processing. Thus an ore in a particular region in
a country may not have been regarded as an ore had it been located in another region in that
country. The criteria of recognition of a deposit as an ore body also vary from country to
country.

Another important consideration pertains to the metal content of the deposit. A deposit
with a content of iron of about 20% can have little value as an iron ore since there are
several deposits with 30-50% iron. Earlier, a copper ore with a minimum of 5% copper was
regarded or accepted as a copper ore. However, today, thanks to advancements in technol-
ogy, rocks with as little as 0.5% copper are mined and processed economically despite the
fact that the price of copper, in comparison with those of some other metals, might be
showing a downward trend. It is possible that in the future, other resources, which are not
considered to be worth exploiting today (such as the manganese nodules or the clays),
would become acceptable ores for manganese, copper, nickel, cobalt, and aluminum.

Traditionally rocks like quartzite, limestone, dolomite etc. are not called ores even though,
in addition to their other uses, they may also be used as raw materials for the production of
silica, calcium and magnesium. On the other hand, zircon should definitely be called an
ore as it is mined and processed as a raw material for the production of zirconium. Sea
water, which contains about 0.13% magnesium, may serve the purpose of a raw material
for the production of magnesium. In fact, sea water is an inexhaustible source of magne-
sium. It has been estimated that working on only 1% of this resource would allow the
production of 20 million tonnes of magnesium per year for 10 million years. This is an
unique situation which is not encountered in the case for many metals. Despite all this,
however, sea water does not entitle itself to be recognized as an ore since its other uses are
far more important. So, for a resource to be recognized as an ore, its alternative uses have
also to be considered; if these are much more predominant than its role in producing the
metal, it is not counted as an ore.

A description of minerals remains incomplete without the mention of gangue minerals.
These are the nonmetallic materials, usually worthless, associated with a deposit. The gangue,
customarily, includes only nonmetallic minerals, but in technical usage it also includes
some metallic minerals, such as pyrite, which are discarded as worthless. Certain gangue
materials, however, may at times be collected as by-products and put to use. For example,
fluorspar may be utilized as flux, quartz in abrasives or concrete, pyrite for yielding sulfur,
and limestone in fertilizers or as flux. A gangue mineral which is considered to be worth-
less today may prove to be of value tomorrow. The dividing line between ore minerals and
gangue minerals is determined by economics, an aspect given prominence in the defini-
tion provided for an ore. A typical lead—zinc ore, as for example, may contain the minerals
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galena (PbS), sphalerite (ZnS), pyrite (FeS,), siderite (FeCO;), and quartz (SiO,). Among
these, galena and sphalerite are the minerals which are ores while pyrite, siderite, and
quartz are not so. They are gangues. As yet no process has been developed by which it is
possible to extract iron economically from the pyrite and the siderite present in such an ore.
A huge deposit of relatively pure siderite, however, might be considered to be a valuable ore
of iron. If the pyrite associated with the lead—zinc ore referred to earlier happens to contain
precious metals like gold and others, then it would, in its own right, come to be classified as
an ore mineral.

No description of ores is deemed complete without making reference to metal associa-
tions and by-products. A few ores, such as those of gold and tin, may often contain only one
worthwhile ore mineral; others, notably those of copper, may contain just one recoverable
metal although it may be present in several mineral forms. Most ores, however, contain
more than one recoverable metal. These may be present as different minerals, or some-
times, one metal may be in solid solution within the ore mineral of another. Silver, for
instance, is frequently found dissolved in lead and copper minerals; in fact, the principal
source of silver is obtained as a by-product from refining these metals after they have been
smelted from their ores. Molybdenum, on the other hand, occurs as a specific by-product
mineral associated with certain copper ores and must be separated from the copper miner-
als prior to smelting. In many ores, such as those of lead and zinc, two metals may be
present as coproducts of roughly equal value. Such metal associations are not haphazard;
they occur in specific geological climates, and a metal may have different associations un-
der different geological conditions. Examples of associations are given in Table 1.4. Some
minerals may have more than one metal in solid solution. The silver content of lead, for
instance, depends on the presence of bismuth, as silver cannot be in solution without it.
Molybdenum sulfide, itself a by-product, has its own (dissolved) by-product rhenium. Like
rhenium, many minor metals have no source other than the yields as by-products; as exam-
ples of such metals reference may be drawn to cadmium, indium, tellurium, selenium and
hafnium.

Minerals are well regarded as national assets. Extensive use of mineral resources forms
the physical basis of a high standard of living not only in the developed but also in the
developing countries. A strong positive correlation exists, for example, between the per

Table 1.4 Metal associations.

Main Coproduct or by-product as a By-product in solid solution

product separate mineral

Lead Zinc Silver, Bismuth

Zinc Cadmium Cadmium, Germanium, Gallium,

Indium

Copper Molybdenum, Cobalt, Zinc + Lead, Gold ~ Gold, Silver, Tellurium, Selenium
Uranium, Antimony, Copper

Gold Copper, Platinum, Cobalt Silver

Nickel Tungsten, Copper

Tin Tantalum

Molybdenum Lead, Copper, Gold Rhenium

Silver
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capita national income and the per capita consumption of energy and of key mineral com-
modities in any given country. Minerals that are essential for the economic progress as well
as the defence requirements of a country and which are in short supply, or that are found
predominantly in certain areas of the world from where they must be imported, are known
as strategic minerals. The minerals that belong to this category vary from country to coun-
try and from time to time.

Mineral resources are nonrenewable resources, in contrast to renewable resources such
as surface water and timber, which are or can be replenished naturally or artificially. The
geological processes by which most mineral deposits form take a very long time. They can,
in no way, be thought to replenish deposits extracted from the ground and dispersed by
use. However, it is important to recognize that mineral resources are extendable with the
help of advancing technology that develops uses for sources that were not readily usable or
exploitable before, allows hidden deposits to be discovered, and enhances the efficiency of
recovery and of use.

Conservation of mineral resources is a particularly important issue that should engage
attention. Conservation means the utilization of the deposit in such a manner that the
maximum amount of mineral is mined and ultimately utilized. Leaving out lower grades of
minerals and mining only higher grades for the sake of immediate monetary gain should
be discouraged. Higher grades deplete very rapidly. A long life of mine and mill can be
assured by mixing mined material of higher grades with that of lower grades to yield an
acceptable average grade for daily processing in a mill. Advancements in mining techniques
have made economic mining of low grade deposits possible. This trend will continue and
in the future large volumes of low-grade deposits that are not mined today will be exploited.
Along with this, one should not lose sight of the emphasis on maximum utilisation of
mined ore, by exploiting and finding applications for all by- and co-products.

1.4.4
Rocks and Ore Deposits

All ore mineral deposits lie in or on solid rocks of which the Earth’s crust is predominantly
composed. The geological processes which are responsible for the formation of rocks also
form the ore bodies associated with them. For the formation of an ore body, the metal or
metals concerned must be enriched to a considerably higher level than their normal crustal
abundance. The degree of such enrichment below which the extraction cost makes the
processing of the ore uneconomical is termed the concentration factor. Typical values of the
concentration factor for some of the common metals are given in Table 1.5.

Three main modes of the formation of rocks are recognized: (i) igneous, (ii) sedimentary
and (iii) metamorphic. The geological processes leading to the formation of these rock
groups are interrelated and are cyclic in operation; these are conceptually illustrated in
Figure 1.16. The igneous, sedimentary and metamorphic processes also lead to the forma-
tion of different types of ore deposits which, like the rock groups, are interrelated with one
type changing into another with changes in the physico-chemical conditions. Two genetic
groups within each group can be recognized: primary or syngenetic, formed at the same
time as the enclosing rock, and epigenetic, formed as a result of later introduction into the
enclosing rock.



Table 1.5 Concentration factors of common metals.

1.4 Resources of Metals

Metals Average crustal abundance Average minimum exploitable Concentration
(%) grade factor
Aluminum 8 30 3.75
Iron 5 25 5
Copper 0.005 0.4 80
Nickel 0.007 0.5 71
Zinc 0.007 4 571
Manganese 9.09 35 389
Tin 0.0002 0.5 2500
Chromium 0.01 30 3000
Lead 0.001 4 4000
Gold 0.0000004 0.0001 250
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1.4.4.1 Igneous Processes of Rock and Ore Formation

Igneous rocks are formed by the solidification of the magma which includes, besides the
molten rock material, a number of dissolved gases. If the solidification takes place com-
pletely deep within the Earth’s crust, without reaching the surface, the resulting rocks are
called intrusive or plutonic rocks. If, on the other hand, it takes place on reaching the sur-
face of the Earth, the resulting rocks are called extrusive or volcanic rocks. Mineral deposits
are associated with both these types of igneous rocks. The solidification process is very
complex and, depending on the conditions of temperature and pressure, rate of cooling
and presence of dissolved gases, a large number of rock types are formed with entirely
different chemical compositions.

A large fraction of igneous rocks belongs to one of the three kinds: basalt, granite and
intermediate. Corresponding to these, three major types of magmas are commonly sug-
gested. These are: basaltic (mafic or basic), granitic (felsic or acidic) and andesitic (interme-
diate) magmas. Mafic magmas are generated in the upper mantle by partial melting of
mantle rocks; granitic magmas by partial melting of rocks of the continental crust; and
andesitic magmas by partial melting of subducted oceanic crust, or by mixing of melted
crustal material and basaltic magmas.

Broadly speaking, only ten elements make up nearly 99% of the mass of the magma and
the igneous rocks. These are oxygen, silicon, aluminum, iron, calcium, sodium, potas-
sium, magnesium, titanium and hydrogen. The remaining elements of the periodic table,
constituting the balance 1% of the mass, and containing many of the common and well
known metals, account for the minor and trace element contents of the rocks, and gener-
ally occur in a dispersed state. However, during certain stages of the solidification of the
magma, these have a tendency to be heterogeneously distributed and locally concentrated,
forming the ore deposits. The volatile components of the magma, particularly hydrogen,
fluorine, chlorine and sulfur, play a very significant role in the sequence of crystallization of
the magma and in the formation of valuable mineral deposits.

The igneous processes which give rise to ore deposits are broadly classified into three
types: (i) magmatic concentrations and segregations, (ii) contact metasomatism, and (iii)
hydrothermal processes.

Magmatic concentrations form either by simple crystallisation or concentration during
the formation of igneous rocks. Depending on the state, time and nature of concentration,
these may be further classified as (i) early magmatic, (ii) late magmatic, and (iii) immiscible
segregations. Some important types of deposits of magmatic concentrations are shown in
Table 1.6.

Early magmatic concentrations may take the form of disseminations, segregations, or
injections. The minerals contained in them have crystallised before the formation of the
rock forming constituents of the enclosing rocks. Disseminations have resulted from sim-
ple crystallisation of a deep seated magma. Diamond bearing kimberlite pipes and corun-
dum bearing rocks are examples of disseminated type early magmatic deposits. Early mag-
matic segregations are concentrations of valuable minerals that have taken place as a result
of gravitational settling of early formed crystals during crystallisation differentiation of the
magma, within the magmatic chamber. Most of the layered chromite deposits and plati-
num group elements concentrations associated with them are examples of early magmatic
segregations. Magmatic injections have resulted from the moving away of the magmatic
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Table 1.6 Important types of magmatic concentration ore deposits.

Type Description Example

1. Early magmatic

A. Dissemination Disseminated crystallisation Most diamond bearing kimberlite
without concentration pipes

B. Segregation Crystallisation, differentiation and Bushveld chromite; still water

accumulation

complex; Sukinda chromite

2. Late magmatic

A. Residual liquid Crystallisation from and Bushveld titanomagnetite
segregation accumulation in residual magma

B. Residual liquid Same as above, followed by Most pegmatite and carbonatite
injection injection veins

3. Immiscible liquid

A. Segregation Immiscible liquid segregation and Sudbury Cu—Ni; Insizwa,
accumulation South Africa
B. Injection Same as above, with injection Norwegian nickel deposits
4. Porphyry copper Cu-Mo disseminations in Utah copper; The Ruth, Nevada;
deposits granodioritic porphyritic rocks Climax, USA

segregations from the original place of accumulation into the surrounding rocks by injec-
tion. Most of the massive titanomagnetite, magnetite and some of the chromite deposits
owe their origin to this process.

Late magmatic concentrations have come into being by crystallisation of mobile residual
magmas formed toward the close of the magmatic period. The ore minerals so formed are
later in origin than the rock forming minerals of the enclosing rock — a feature which is in
sharp contrast to the early magmatic concentrations. They may occur both in the forms of
segregations and injections. Segregations are normally associated with mafic igneous rocks;
the famous iron and titanium ore bodies of Bushveld and Adirondack are examples of late
magmatic segregations. There are two important types of residual late magmatic injections
— the pegmatites and the carbonatites.

Pegmatites have resulted from injection of late magmatic and residual fluids of granitic
composition, enriched in water, volatile components (phosphorus, fluorine, chlorine, sulfur,
boron, etc.), low melting point silicates (albite, mica) and a broad spectrum of rare and
exotic metals. They generally occur in the form of dykes and lenticular intrusive bodies.
Many economically important pegmatite bodies average hundreds of metres in length and
a few tens of metres across. While simple pegmatites contain essential quartz and feldspar
(albite, microcline) and accessory mica, and tourmaline, complex zoned pegmatites are
characterised by high concentrations of minerals of rare metals in the form of crystals of
high purity. The important classes of rare mineral pegmatites with examples are given in
Table 1.7. Pegmatites constitute the main source for beryllium (beryl, bertrandite), lithium
(lepidolite, spodumene, amblygonite, petalite), cesium (pollucite) and niobium-tantalum
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Table 1.7 Rare metal pegmatite deposits.

Pegmatite type Typical mineral Economic potential Examples
association

Rare Earth Allanite REE, Y, U Kobe, Japan
Monazite Barringer Hill, Texas
Gadolinite Ytterby, Sweden
Fergusonite Shatford Lake, Manitoba
Euxenite

Beryl Beryl Be, Nb-Ta Ural Mts., Russia
Columbite-tantalite Mayers Ranch, Colorado
Triplite Dan Patch, South Dakota
Triphyllite

Complex Spodumene Li, RD, Cs, Be, Ta, Sn, Ga Manono, Zaire
Beryl Hugo, South Dakota
Tantalite Tanco, Manitoba
Lepidolite Londonberry, Australia
Ambylgonite Marlagalla, India
Topaz

Albite-spodumene Spodumene Li, Sn, Ta, Be Kings Mt., N. Carolina
Tantalite Volta Grande, Brazil
Beryl
Cassiterite

Albite Tantalite Ta, Sn Tin Dyke, Manitoba
Cassiterite Hengshan, China
Beryl Bastar, India

(columbite—tantalite, fergusonite, samarskite). Rare metals like rubidium, gallium and scan-
dium are also extracted from pegmatitic sources. Pegmatites contain economic concentra-
tions of the rare Earths (monazite, xenotime, allanite), tungsten (wolframite, scheelite),
molybdenum (molybdenite), uranium (uraninite) and thorium (thorianite). Pegmatites are
the main sources for high purity industrial minerals like sheet mica, ceramic and dental
feldspar, optical quartz, fluorite and semiprecious stones like beryl, chrysoberyl and topaz.
Important world examples of economically important pegmatites are Tanco (Manitoba, USA),
Manono deposit (Zaire), Greenbushes deposit (Australia), Bancroft (Canada), Kobe (Japan),
Urals (Russia) and Singhbhum (India).

Carbonatites are late magmatic dyke formed from residual liquids generated during ex-
treme differentiation of basaltic magma derived from the mantle. They essentially consist
of crystalline calcitic and dolomitic carbonates and are enriched in alkalies. Important me-
tallic concentrations associated with carbonatites are niobium (pyrochlore), titanium
(ilmenite and titanomagnetite), rare Earths (bastnasite), zirconium (zircon and baddeleyite),
copper (chalcopyrite), and phosphorus (apatite). Important carbonatite deposits of the world
along with the major ore minerals produced from them are given in Table 1.8. It may be
mentioned in passing that apatite is by far the most important mineral produced from
carbonatites, notably in Brazil and South Africa. Carbonatites have a mean phosphate con-
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Table 1.8 Important carbonatite deposits of the world.

Locality Important economic minerals

Bayan Obo, China Bastnasite, monazite, magnetite, pyrochlore
Jacupiranga, Brazil Apatite, calcite

Palabora, Namibia Apatite, copper, baddeleyite, vermiculite, uranothorite, magnetite
Mt. Pass, USA Bastnasite

Kovdor (Russia) Apatite, magnetite, baddeleyite, vermiculite
St. Honore, Canada Pyrochlore

Lueshe, Zaire Pyrochlore

Sulinjarvi, Finland Apatite, phlogopite, calcite

Araxa and Catalao, Brazil Pyrochlore, apatite

Ambadongar, India Fluorite

tent of approximately 2.3% P,Os, nearly an order of magnitude greater than that of crustal
igneous rocks. This represents just another example of the naturally occurring phenomena
of minerals concentrating in different geological settings.

Immiscible liquid segregations result from the fact that silicate magmas at high tempera-
tures can contain upto 10% of metallic sulfides in solution. During crystallisation, a sulfide
rich melt separates from the predominantly silicate melt as immiscible droplets. These
droplets segregate at the bottom of the magma chamber as a sulfide rich melt enriched in
copper, nickel and iron, which on crystallisation gives rise to important sulfide deposits.
The huge basin like nickel-copper bearing sulfide deposit at Sudbury, Canada, is one of the
important examples of immiscible segregation. An account of ore deposits of magmatic
origin will be incomplete without a mention of porphyry copper ores, which constitute the
most important source of copper and molybdenum. The porphyry copper ores are associ-
ated with porphyritic rocks of granodiorite composition, originated from intermediate
andesitic magmas generated at subduction zones of oceanic plates. These deposits are con-
centrated in the mountain arcs along the western margin of North and South America, and
in the island arcs along the eastern margin of Asia. Besides copper and molybdenum,
porphyry copper ores are important sources of metals like tin, tungsten, bismuth, tellu-
rium, selenium, silver, gold, platinum and rhenium, obtained as by-products.

Contact metasomatic deposits have resulted from the effects of high temperature fluid
emanations of magmatic origin escaping into and reacting with the surrounding rocks. As
already mentioned, the magma is rich in several volatile components. During magmatic
crystallisation, these volatiles get enriched in the residual fluids, which also carry with them
those metals which are not accommodated in the already formed minerals. During and
after the last stage of magmatic consolidation, these hot fluids may escape into the sur-
rounding rocks, react with them and produce contact metasomatic deposits. Contact
metasomatic zones are recognized by the presence of characteristic high temperature min-
erals like garnet, calcium bearing pyroxenes and amphiboles, scapolite, topaz, fluorite, etc.
Important metals and minerals that occur in contact metasomatic deposits are tungsten,
tin, molybdenum, lead, zinc, copper, iron, gold, silver, graphite, gemstones and fluorite.

Hydrothermal vein deposits result from hydrothermal solutions. Hydrothermal solutions
are essentially the residual hot solutions remaining after magmatic crystallisation (juvenile
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Table 1.9 Classification of hydrothermal vein deposits.

Type Temperature, pressure and geologic condition Common ore metal association

Hypothermal High temperatures (> 400 °C), high pressures, Gold, tungsten, tin, bismuth,
located clse to the intrusive molybdenum

Mesothermal Moderate temperatures (250-400 °C) and Copper, molybdenum, lead,
pressures, located away from the intrusive zinc, nickel, cobalt

Epithermal Low temperatures (< 300 °C) and pressures, Gold, silver, mercury, antimony,
farthest from the intrusive, mixed with connate arsenic, bismuth, selenium,
and meteroric waters lead, zinc

Xenothermal High temperatures (600 °C) at low to very low Tin, tungsten, molybdenum,
pressures, close to the intrusive, near the surface silver

Telethermal Essentially meteoric and connate waters with little  Lead, zinc, cadmium
addition of magmatic water, very low tempera- germanium

tures (< 100 °C) and pressures, near the surface

waters), which may be mixed with waters squeezed out of compacting rocks (connate wa-
ters) and downward migrating rain and surface waters (meteoric waters). The solutions
carry with them a number of ore metals mainly in the form of complexes with volatiles like
the halogens (fluorine and chlorine), hydrogen and sulfur. The solutions migrate into the
surrounding rocks, away from the intrusive body, traversing along weak planes like frac-
tures, joints, grain boundaries etc. With fall in temperatures and confining pressures, the
metal constituents in the solutions precipitate in a sequence determined by the solubility
and the stability of the complexes along these weak planes within the rocks traversed, form-
ing the hydrothermal vein deposits. Typical alteration zones in the enclosing rocks adjacent
to the veins are often observed, which help in locating the veins. Dolomitisation, silicification,
argillisation, sericitisation, hematitisation and chloritisation are some of the important types
of alteration associated with hydrothermal vein deposits.

For the formation of hydrothermal deposits the following are essential: (i) the availability
of mineralising solutions capable of dissolving and transporting mineral matter, (ii) the
availability of openings in rocks through which the solutions may be channelled, (iii) the
availability of suitable sites for deposition and localisation of ore minerals, (iv) chemical
reactions that result in deposition, and (v) sufficient concentration of mineral matter to
constitute economic deposits.

Depending on temperature, pressure and geological conditions of deposition, the hydro-
thermal deposits may be classified into five types, the details of which are given in Table 1.9.

1.4.4.2 Sedimentary Rocks and Sedimentary Processes of Ore Formation

Sedimentary rocks have formed as a result of accumulation and compaction of mineral
particles derived from pre-existing rocks, transported from their original places of occur-
rence and deposited in new environments. The essential ingredients for the formation of
sedimentary rocks are: (i) source materials, (ii) mechanical and chemical disintegration of
these source materials, (iii) transportation of the released materials either in a clastic form
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or in solution, to the site of new accumulation, (iv) deposition, mechanically or chemically,
and (v) compaction and lithification.

The materials that accumulate to form sedimentary rocks are: (i) products of disintegra-
tion (weathering) of rocks, (ii) volcanic ejecta, (iii) insoluble decomposition products,
(iv) precipitated substances from aqueous solutions, and (iv) bio-organically derived sub-
stances.

Material derived from the weathering of pre-existing rocks constitutes the bulk of the
source materials, and this disintegration takes place by: (i) mechanical means which result
in granular disintegration by abrasive forces into smaller fragments, (ii) chemical decom-
position where the original constituents undergo changes as a result of chemical action,
solution and reconstitution, and (iii) conversion of insoluble components into soluble ones
by the action of organisms like bacteria, and fungi, etc.

The removal and transportation of the products of disintegration take place mainly by the
agency of water, ice and air. In the case of water, material may be transported by drag or in
suspension, or in solution.

The materials so transported are deposited in a new environment, on land (terrestrial
deposition), rivers (fluvial deposition), along coastal areas (marginal deposition) or on the
sea floor (marine deposition). Dissolved components are deposited either by precipitation,
or by evaporation or by the action of biological agencies.

Deposition is followed by compaction and lithification, during which the particles adhere
to one another, open space is reduced and the rock gains mechanical strength.

The sedimentary rocks are classified on the basis of their mineral, chemical and particulate
characteristics. Some common sedimentary rocks are conglomerate, sandstone, shale and
limestone.

As in the case of igneous processes, the sedimentary processes of rock formation lead to
the formation economic mineral deposits. Many valuable mineral deposits of iron, manga-
nese, coppet, phosphorus, sulfur, zirconium, the rare Earths, uranium and vanadium owe
their origin to sedimentary processes. Some of these constitute special types of sedimen-
tary rocks, while others form important constituents of sedimentary rocks.

Depending on the mode of origin, four main types of sedimentary ore deposits are recog-
nized. These are: (i) mechanical accumulations or placer deposits, (ii) residual deposits,
(iii) syn-sedimentary chemical deposits, and (iv) volcano-sedimentary type deposits.

Placer deposits are formed by mechanical concentration where natural gravity separation
of heavy minerals from light minerals and their concentration take place while moving
through water and air. For concentration to take place, the three properties that are essen-
tial are high specific gravity, chemical resistance to weathering and durability. Sulfides never
occur as placers, because they oxidize readily and are carried away in solution. Normally the
source rocks are those which contain sparsely disseminated ore minerals, and which, by
themselves, are not economical to exploit. The operation of placer concentration follows a
few basic principles involving differences in specific gravity, size and shape of minerals,
which affect the velocity of their movement in a moving fluid. Differential movement and
the rate of settling of particles in a moving fluid medium are controlled by: (i) the specific
gravity factor, which is given by the ratio of the difference of the specific gravities of the
heavy mineral and the medium to the difference of the specific gravities of the light mineral
and the medium,; this ratio gets accentuated when the medium is water rather than air; (ii)
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the specific surface of particles — a particle with a smaller surface area sinks more rapidly in
comparison with one with a higher surface area, both having same mass; (iii) the particle
shape — a particle with a spherical shape settles faster than a particle with, say, a flat shape,
both having same mass; and (iv) the velocity of the moving medium - the ability of a body
of flowing water to transport a solid particle is proportional to the square of its velocity; thus
any fall in the velocity sharply reduces the ability to transport. This ability is also affected by
the specific gravity as well as the shape (and the size) of the particle. As a result of the
synergistic effect of particle size and density and the velocity of the moving medium, lighter
particles are kept in suspension and are more readily removed by a moving fluid compared
to those which are at rest (heavier and coarser particles). The various factors described
above operate in tandem and the result is a separation of light and fine mineral particles
from heavy and coarse ones. With long and continued action, the heavy minerals eventu-
ally become sufficiently concentrated to form economically exploitable deposits. Essentially
three types of placer deposits are recognized: eluvial, alluvial and beach deposits.

In eluvial deposits sorting takes place by both chemical and mechanical action. Elements
such as sodium, potassium, calcium, magnesium, tin etc. are leached out preferentially
over iron, manganese, aluminum, titanium, chromium, etc. by chemical action of percolat-
ing waters. Heavier resistant particles collect just below the outcrop, while the lighter prod-
ucts are swept downbhill by rain wash or blown away by wind. Alternatively, as the weath-
ered debris moves down the slope of a hill, by the action of gravity, heavier particles move
downbhill faster than the lighter ones. The overall effect is a differential concentration of
heavy, chemically resistant mineral particles, either below the outcrop or down the hill
slope. The latter are often called colluvial placers. Fairly rich concentrations of economic
minerals in the provenance are necessary in order to yield workable deposits by this incom-
plete process of eluvial concentration. Gold, cassiterite and columbite—tantalite form the
most important eluvial deposits. The Pitinga tin deposit in Rhondonia, Brazil, which is
presently the largest tin producer in the world, is an eluvial-colluvial deposit.

Stream or alluvial placers develop during water transportation in rivers. The locales where
a buildup of heavies occurs are the points where there is a drop in the velocity of moving
waters. Favourable spots for the formation of alluvial placers are bends, sand and point
bars, bed rock riffles, confluence of tributaries, points of discharge into lakes or sea etc.
Gold, tin, precious stones and platinum group metals form important alluvial placers. The
notable alluvial placer gold deposits are those occurring in California, Nevada, Idaho, Utah
and Alaska in USA, Australia, Columbia, Siberia, Central Africa and New Guinea. Stream
placers of Ural mountains, Russia, are important sources of platinum in the world. The
well known Malaysian tin deposits also are alluvial placers.

Beach placers form along seashores by the concentrating effects of wave and shore cur-
rent action. Sorting takes place while shore currents move materials along the shore, which
is further accentuated by the action of waves operating at the same time. Pounding waves
throw up sands on the beaches and the backwash and the undertow carry away the lighter
and finer material, which in turn is moved along shore, while the larger and heavier mate-
rials are concentrated on the exposed beaches. Common minerals which form beach placers
are gold, ilmenite, rutile, zircon, monazite, xenotime, garnet, cassiterite, columbite—tantalite,
silliminate and kyanite. Beach placers of India, Australia, Brazil and Sri Lanka supply the
bulk of the world’s production of ilmenite, rutile, monazite, and zircon.
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Palaeoplacers are placer concentrations that have occurred in the geological past and
which are preserved till the present by a cover of later sedimentary rocks. The Witwatersrand
gold-uranium deposits (South Africa) and the uranium deposits at Blind River (Ontario,
Canada) and Jacobina (Brazil) are the most important examples of palaeoplacers.

Residual concentrations result from the accumulation of valuable minerals by the removal
of lighter and soluble components during weathering. The basic requirements for the for-
mation of residual concentrations are: (i) the availability of rocks containing valuable min-
erals in adequate concentrations, in which the major gangue constituents are soluble or easily
disintegrable and the valuable minerals are stable and resistant under the prevailing surface
conditions; (ii) climatic conditions favourable for the chemical decay of undesirable miner-
als; (iii) long lasting crustal stability in order that the residues may accumulate in quantity
and the deposits are not destroyed by erosion; and (iv) favourable geomorphological features
promoting the retention of residues without erosion and removal. The formation of lateritic
crust over various rocks is one of the most common manifestations of residual concentra-
tion, where ferric and aluminum oxides constitute the insoluble residual components.

Valuable mineral deposits which form by residual concentration pertain to iron, manga-
nese, aluminum, nickel, clays, tin and gold. Aluminum comes almost exclusively from
residual concentrations of bauxite, which result from the lateritisation of alumina rich ig-
neous rocks like syenites under tropical and subtropical climatic conditions. Laterites also
contribute nearly 80% of the world’s reserves of nickel at grades better than 1% Ni. They
form by residual concentrations as a result of weathering of mafic and ultramafic igneous
rocks, which are relatively enriched in nickel.

Enriched metal concentrations in the form of secondary enrichment often occur under
zones of supergene oxidation and residual concentrations. Gossans, formed over copper
and iron bearing sulfide deposits, often overlie zones of secondary enrichment in the form
of secondary copper sulfides, and porphyry copper ore deposits very often contain such
zones of secondary enrichment.

Syn-sedimentary chemical deposits form by chemical and biochemical precipitation of
valuable metal components carried in solution, concomitant with the formation of the en-
closing sedimentary rock. The manner of such deposition depends on the concentration of
the metal in the solvent, the solubility of the precipitating product, the solution chemistry,
and the deposition environment. Iron, manganese, phosphorus, lead, zinc, sulfur and ura-
nium are some of the elements that have formed economically valuable deposits by chemi-
cal precipitation during sedimentation.

By far the most important ores of iron come from Precambrian banded iron formations
(BIF), which are essentially chemical sediments of alternating siliceous and iron-rich bands.
The most notable occurrences are those at Hamersley in Australia, Lake Superior in USA
and Canada, Transvaal in South Africa, and Bihar and Karnataka in India. The important
manganese deposits of the world are associated with sedimentary deposits; the manganese
nodules on the ocean floor are also chemically precipitated from solutions. Phosphorites,
the main source of phosphates, are special types of sedimentary deposits formed under
marine conditions. Bedded iron sulfide deposits are formed by sulfate reducing bacteria in
sedimentary environments. Similarly uranium-vanadium in sandstone-type uranium de-
posits and stratiform lead and zinc concentrations associated with carbonate rocks owe
their origin to syngenetic chemical precipitation.
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Volcano-sedimentary ore deposits are syngenetic deposits precipitated from sea water
enriched in metals by submarine volcanic activity. Deposits of this type are also called sub-
marine exhalative-sedimentary deposits. Stratabound lead—zinc—copper deposits associated
with marine sedimentary volcanic sequences belong to this category. Important examples
are Kuroko deposit in Japan, Mt. Isa in Australia, Sullivan deposit in British Columbia,
Canada, Rammelsberg in Germany and Rampura-Agucha in Rajasthan, India.

1.4.4.3 Metamorphic Rocks and Ore Processes

Metamorphism is the term used to describe the changes in rocks brought about by physical
and chemical changes in the environment, such changes essentially taking place in the
solid state itself, without involving any melting. The changes brought about are predomi-
nantly recrystallisation and reconstitution of the minerals, the bulk chemical composition
remaining essentially unchanged. The type of rock undergoing metamorphism, the rela-
tive predominance of one or more of the three agents of metamorphism, namely heat,
pressure and chemical activity, and any addition or subtraction of chemical species are the
factors that determine the direction of the chemical reconstitution and the mineralogical
assemblage of the resulting metamorphic rocks.

Depending on the conditions of the main agents of metamorphism, four kinds of meta-
morphism are recognized. These are burial, contact, thermal and regional metamorphism.

The effect of metamorphism on ore mineralisation is essentially changing the form, the
texture and the mineralogy of pre-existing mineral deposits, rather than forming new min-
eralisation per se. The changes are recrystallisation, recombination of materials to form
new minerals, and introduction of new features like deformation, foliation, granularity etc.
However, the most important change is in remobilization of ore metals, which may convert
many a low grade syngenetic deposit into an economically minable epigenetic deposit by
localizing the ore metals in certain structural features.

A number of nonmetallic mineral deposits are formed during metamorphism as a result
of recrystallisation. Important among these are graphite, asbestos, talc, soapstone and
pyrophyllite, kyanite, sillimanite, and semi precious stones like garnet and emery.

In summary, it is clear that the economic mineral deposits are also special types of rocks,
and that the common rock forming processes result in the formation of ore deposits as
well. Magmas constitute the ultimate source for all the ore forming metals; their solidifica-
tion by crystallisation is the primary means of formation of ore forming minerals. Second-
ary processes like sedimentary and metamorphic processes only redistribute and reconsti-
tute the metals into different forms. Thus the same metal may occur in totally different
types of deposits, depending on the nature of the ore forming process in operation. How-
ever, the economics of ore exploitation are greatly influenced by the predominant process
of ore formation, which determines the tenor, the lateral and the vertical extents, the uni-
formity of composition and above all, the total quantity available for exploitation. A classic
example of deposits of a given metal formed by different processes is provided by iron
deposits. One type may result from magmatic differentiation, a second type may form by
the action of hot gases and vapours, a third type by hydrothermal solutions, and others by
sedimentation and by weathering processes. Depending on the type, each of these deposits
may have different economic importance. An iron deposit formed by magmatic processes
may be limited in extent and its occurrence may be associated only with certain kinds of
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igneous rocks. The process of weathering can result in a deposit which carries many impu-
rities, is restricted in areal extent and is of shallow depth. On the other hand, the sedimen-
tary process may lead to the formation of a deposit which is large in areal extent and exhib-
its a general uniformity of thickness and quality. As other interesting features of deposition
it may be noted that a single deposition process may give rise to similar deposits of many
different metals and that a single deposit may form by the action of several processes. In
the former category, the deposits of iron ore, gold, copper or fluorspar formed by the action
of hydrothermal solutions, and deposits of sodium or potassium salts resulting from the
evaporation of sea water may be cited as examples. A deposit of low grade iron ore, formed
by sedimentation, may be enriched by weathering and further by metamorphism. This is
typically illustrative of the latter category.

1.4.5
Other Resources

It is quite clear by now that actually it is the fortuitous concentration of one or more valu-
able minerals into an ore body by the mineralization processes that has ultimately enabled
the production of materials economically from some regions of the lithosphere. Besides
the terrestrial sources, there are some other sources of metals. For example, the oceans
constitute a source. The relative abundance of metals in the oceans is shown in Table 1.10.
In addition, there is another source on the ocean floors called the manganese nodules.
Nodule deposits have been found in the north and south Atlantic and the Indian Ocean, as
well as in the south Pacific. The chemical compositions of nodules from different locations
vary widely. Pacific Ocean generally contains highest concentrations of valuable metals and
are the most studied. The average composition of Pacific Ocean nodules, taken from over
fifty locations, is shown in Table 1.11. Mineralogically, the nodules consist mainly of an
intimate mixture of manganese and iron oxides. The grain size is extremely small, ranging
from less than one micrometre to about five micrometres. Manganese may be present in
upto three distinct mineral phases, whereas iron is present generally only as goethite. The
main oxide minerals are listed in Table 1.11. The valuable metals in the nodules appear to
be present as an integral part of the manganese and iron oxides, due either to lattice substi-
tution, to ion exchange, or to adsorption.

The porosity and internal surface area of the nodules are very high. Due to high porosity,
raw nodules generally contain 30-40% sea water, together with its contained salts. Several

Table 1.10 The abundances of the metals in the oceans.

Metal Abundance in sea water (tonnes)
Magnesium 10%-10%
Silicon 10'2-10"
Aluminum + iron + molybdenum + zinc 10'°-10"
Tin + uranium + copper + nickel 10° -10%
Vanadium + titanium 10° -10"
Cobalt + silver + tungsten 108 -10°

Chromium + gold + zirconium + platinum <108
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Table 1.11  Average composition of Pacific Ocean nodules and mineralogical composition of manganese
nodules.

Average composition of Pacific Ocean nodules Mineralogical composition of manganese
(concentrations in wt%) nodules

Valuable metals: Mn Minerals:

Mn — 24.2; Ni-0.99; Cu - 0.53; Co — 0.35; Todorokite (Ca, Na, Mn(II), K) (Mn(IV),
V - 0.054; Mo — 0.052; Zn — 0.047 Mn(II), Mg)Oy, - 3 H,0

Impurities: Birnessite (Na,Ca;) Mn;,Oy4, - 28 H,0O
Major: Fe — 14.0; Si—9.4; Al - 2.9; Na - 2.6; Delta manganese dioxide 8-MnO,
Ca-1.9;Mg-17

Minor: Fe minerals:

K, Ti, Ba, P, S-1.0-0.1; Pb, Sr, Zr, B, Y, La, Goethite 0-FeOOH

C-0.1-0.01; Yb, Cr, Ga, Sc, Ag, As, Sb-<0.01

industrial consortia have been engaged in research and development into the different ar-
eas of metal recovery from deep sea manganese nodules. The most technologically daunt-
ing tasks is mining or “harvesting” the nodules, which lie on the ocean floor at depths of
2000 to 3000 fathoms. Numerous mining systems have been proposed and some prototype
dredges have been and are being tested, but full scale mining has not yet taken place. Apart
from the technological problems associated with deep ocean mining, there are two another
major problems which require to be resolved before commercial exploitation can come
about. One is political. The political difficulties arise because there is no international law
governing ownership of nodule deposits. Until the legal situation is clarified, the very large
financial investments needed to make deep ocean mining a reality are not likely to be made.
The second problem concerns with environmental issues. It stems from the fact the dredg-
ing operations may result in huge amounts of very fine silt from the ocean floor, together
with cold, nutrient-rich, deep-ocean water being discharged into surface waters. Serious
concerns has been voiced about the effects of these disturbances on the ecology of oceans.
The potential effects are, of course, extremely difficult to forecast. It will get influenced to a
great extent by the types of mining systems eventually put into operation for full-fledged
production. This worry is likely to cease the first generation of ocean mining ship from
embarking into their operation. However, if the ecological degradation caused by these is
seen to be severe, then the long term prospect of deep sea mining may receive a serious
setback. Lunar rocks and meteorites constitute yet another source of metals. Apollo and
Luna-16, -17, and -20 space research projects have provided data concerning the chemical
and mineral constituents of lunar rocks.

Finally, it may be added that it is the terrestrial resources which have served and will
continue to serve as practically the sole suppliers of metals and materials. Among the other
resources only the manganese nodules extracted from the ocean bed have drawn serious
attention the world over for exploring economic methods of processing.
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1.5
Mineral Properties

Like metals minerals also exhibit typical crystalline structures. As an example, the struc-
ture of molybdenite is shown in Figure 1.17. It is hexagonal with six-pole symmetry and
contains two molecules per unit cell. Each sulfur atom is equidistant from three molybde-
num atoms and each molybdenum atom is surrounded by six sulfur atoms located at the
corners of a trigonal prism. There are two types of bonds that can be established between
the atoms which constitute the molybdenite crystal structure. They are the covalent bonds
between sulfur and molybdenum atoms and the Van der Waals bonds between sulfur—
sulfur atoms. The Van der Waals bond is considerably weaker than the covalent sulfur—
molybdenum bond. This causes the bonds of sulfur—sulfur to cleave easily, imparting to
molybdenite the property of being a dry lubricant. Molybdenite adheres to metallic surfaces
with the development of a molecular bond and the friction between metallic surfaces is
replaced by easy friction between two layers of sulfur atoms.

Some minerals have the same kind of crystals, but differ in one or more of the atoms that
make it up. For example, olivine has a basic crystal made of oxygen and silicon atoms.
Either iron or magnesium can fit into this crystal. As a result, there are two kinds of olivines—
forsterite, which contains magnesium atoms, and fayalite, which contains iron atoms. Min-
eralogists use the term isomorphic for minerals that have same structure but different
compositions. To cite some other examples, mention may be made of huebnerite (MnWO,)
and ferberite (FeWO,) which are the extreme members of the isomorphic series of wolframite

@ Mo O S Figure 1.17 Molybdenite structure in globular models.
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(Mn,Fe)WO,, and of columbite (Fe,Mn)NDb,O, and tantalite (Fe,Mn)Ta,O which are the
extreme members of the isomorphic series of columbite-tantalite (Fe,Mn,Nb,Ta),0,. Some
mineral crystals are made of same kinds of atoms, but different in the ways the atoms are
arranged. Mineralogists use the term polymorphic to describe the minerals that have the
same composition but different structures. The term implies “many forms”. Each form has
its own set of physical properties and its own distinct crystal structure. The phenomenon of
polymorphism indicates that the chemical composition does not control the crystal struc-
ture. It further indicates that there is more than one geometrical arrangement in which the
same atoms or ions may be placed in proper proportions, depending upon the conditions
of formation. The two minerals graphite and diamond typically represent the phenomenon
of polymorphism. The two are chemically alike in being entirely constituted of carbon at-
oms. They have, however, vastly different properties on account of the difference in the
manner in which the carbon atoms are arranged in the crystal lattice (graphite has a hex-
agonal while diamond has a cubic crystal structure). Some other common examples of
polymorphism can be mentioned here: silicon dioxide (SiO,) forms quartz (hexagonal),
tridymite (monoclinic) and also cristobolite (tetragonal); titanium dioxide forms rutile (te-
tragonal), brookite (orthorhombic), and anatase (tetragonal).

In the previous paragraph, it has been stated that minerals have the same structure but
different compositions (phenomenon of isomorphism of minerals) while some minerals
have the same composition but different structures (phenomenon of polymorphism of
minerals). Mineral composition and structure are both important in studying and classify-
ing minerals. The major class of minerals — based on composition and structure — include
elements, sulfides, halides, carbonates, sulfates, oxides, phosphates, and silicates. The sili-
cate class is especially important, because silicon makes up 95% of the minerals, by vol-
ume, in the Earth's crust. Mineral classes are divided into families on the basis of the chemi-
cals in each mineral. Families, in turn, are made of groups of minerals that have a similar
structure. Groups are further divided into species.

The density of minerals (measured in units of mass per unit of volume, g/cm® or kg/m?)
fluctuates within wide limits and reaches upto 23.0 g/cm? (platiniridium). On the basis of
their densities minerals can be divided into the light (upto 3.0 g/cm?), the medium (from
3.0 to 4.0 g/cm’) and the heavy (more than 4.0 g/cm *) mineral groups. All the minerals
bearing the elements belonging to the upper part of the periodic table are light minerals.
Minerals containing heavy metals have, as a rule, greater density. The density differences of
various minerals cause them to respond differently to identical accelerating forces and pro-
vide the means for their separation.

The mechanical properties of minerals are revealed when they are subjected to external
forces during which compression, stretching or shock takes place. Analogous to the case of
metals, the main types of deformation that are relevant to minerals are elastic, brittle, and
plastic. Hardness is also an important parameter for minerals. In a mineralogical context,
hardness is an indicator of the resistance to abrasion. Following Friedrich Mohs, a German
mineralogist, it is measured by the use of a series of successively harder minerals arranged
on a scale ranging from 1 (softest) to 10 (hardest). In this scheme, each mineral will scratch
any mineral lower in the scale (lower in number) and can be scratched by any mineral
higher in the scale. The hardness of all other minerals are compared to these ten in Mohs
scale. For example, a mineral that scratches apatite (No. 5) but is scratched by orthoclase
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(No. 6) has a hardness somewhere between 5 and 6; this may be designated as 5.5. The
relative character of Mohs scale must be borne in mind. If the hardness of apatite is 5 and
that of talc is 1, it does not mean that apatite is 5 times as hard as talc. Other measures of
hardness, particularly resistance to indentation, are employed by metallurgists. This in-
volves microhardness determination carried out with sclerometers. The technique is quite
precise. The procedure involves indentation on an even surface of a mineral by a diamond
pyramid of a square section under a certain load, F (in kg). The diameter, d (in mm), of the
imprint is measured. The microhardness, H, of the mineral is calculated from the formula
H = 0.7 F/d* kg/mm?® The minerals listed according to the degree of hardness to serve as
standards in Mohs scale of hardness have been indicated in Table 1.12 which also shows
the corresponding microhardness values. The mechanical properties of minerals are of
considerable relevance in the mineral comminution processes. The hardness tends to cor-
relate with the weakest of the bonds in the crystal structure, ranging from the Van der
Waals bonds in talc, the soft mineral, to the covalent bonds in diamond, the octahedral
surfaces of which exhibit the greatest hardness among all minerals. Hardness is of particu-
lar importance in mineral dressing because of the wear of the screens, the jaws and the
plates of crushers and grinders.

In general, minerals which accumulate under placer conditions must be hard and abra-
sion-resistant to survive. The same properties are important if minerals are to be concen-
trated by gravity methods of separation, based on the difference in their densities. Although
heavy, soft minerals can be concentrated in gravity plants, losses are high. Gold is an excep-
tion; it is not a hard mineral, but it is cohesive and although battered out of shape, does not
slime to a fine mud.

The colour is the most obvious and conspicuous external property of a large number of
minerals. Minerals are distinguished by an extraordinary variety of colours and shades of
varying richness and intensity. Some mineral species are characterised by a constant col-
our, which enables one to detect them almost unerroneously. Just as an example, mention
may be made of a sulphidic mineral of copper, bornite (CusFeS,). The best identifying
feature of this mineral is its purplish-blue tarnish over a bronze colour (“peacock” ore).

Some minerals, on being irradiated or acted upon by other external factors, can radiate
light; the ability to do so is called luminescence. In the case of minerals the natural colour

Table 1.12 Hardness of Minerals.

Moh's scale Minerals name Mircohardness

1 Talc Mg,[Si,0,0)(OH), 2.4

2 Gypsum Ca[SO,] - 2 H,0 36

3 Calcite Ca[CO;] 109

4 Fluorite CaF, 189

5 Apatite Cas[PO,J;(FCI) 536

6 Feldspar (orthoclase) K[Si;AlOy] 795

7 Quartz SiO, 1130

8 Topaz AL[SiO,](F - OH), 1427

9 Corundum AL, 2060

Diamond C 10060

—_
(=)
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bears no relation to the luminescent color. Depending on the method of excitation, there
are several terms that are relevant in the context of luminescence. These are cathodo-
luminescence, thermoluminescence and triboluminescence. The first refers to excitation
by accelerated electrons and is routinely deployed to identify some rock-forming minerals
and to map variations of composition in minerals. The second term pertains to light emis-
sion from excited energy levels, the excitation being brought about by heating below incan-
descence. The third refers to light emission induced by mechanical deformation.

The light incident on a mineral surface divides itself in a number of ways. It is partly
reflected, partly transmitted, and partly absorbed. Minerals exhibiting metallic bonding
have a high reflectivity. Those characterized by ionic or covalent bonding have a high
transmissivity. The optical properties are anisotropic; they are different in different direc-
tions and depend on the arrangement of atoms in the crystals.

The reflected light from polished surfaces permits ready distinction between many opaque
minerals on the basis of brightness, colour, and anisotropy. This feature is very important
in the study of ore minerals and host rocks. Transparent minerals (especially in rocks) are
commonly studied by transmitted light. In this case, polarized light is passed through thin
sections or through fragments mounted in oil.

Electrical conductivity, measured in terms of the specific electrical resistance, p, or the
specific electrical conductivity, 6 = 1/p, represents one of the fundamental physical charac-
teristics of minerals. In the scale of conductivity, the range is from electrical conductors
(such as metals) through semiconductors to insulators (such as mica). Minerals endowed
with good conductivity have metallic lustre. Most of the transparent minerals have low
conductivities. Natural and synthetic mica have found widespread use as insulators.
Nonconducting mineral crystals with polar directions may become electrically charged under
compression (piezoelectricity) or upon heating (pyroelectricity). These properties of miner-
als are utilized in technical applications. The uses of quartz piezoelectric oscillators in ul-
trasonic wave generators, exploited in the navy for the detection of submarines, and of
tourmaline pyroelectric crystals in pressure gauges are among the examples that can be
cited in this context.

All minerals in some way or the other are influenced by an external magnetic field al-
though the degree of this response varies widely. Based on different response of different
minerals in external magnetic field minerals have been classified into different groups that
have essentially to development of an important physical separation method called mag-
netic separation which has been described quite in detail in the next chapter on mineral
processing. Present topic is, therefore, not pursued any further.

Radioactivity and radioactive properties are important aspects of some minerals. The
term radioactivity in simple terms means the nuclear phenomenon of spontaneous disin-
tegration (accompanied by the emission of alpha, beta, gamma rays) exhibited by certain
types of atomic nuclei (usually heavy). Alpha rays consisted of alpha particles. An alpha
particle carries two units of positive charge and has a mass of four units; it is nothing but a
nucleus of a helium atom. Beta rays consist of beta particles. A beta particle can be nega-
tively (B7) or positively (") charged and the magnitude of this charge is the same as that of
an electron. The same is true of the mass. Gamma rays consist of high energy electromag-
netic radiations which are emitted due to nuclear transitions. They are distinct from high
energy X-rays which are also electromagnetic radiations in that they originate from elec-



1.5 Mineral Properties

tronic transitions outside the nucleus. The alpha and beta emission processes have been
summed up in the form of a law called the group displacement law which may be stated
thus: the emission of an alpha particle results in the formation of an element which lies two
groups to the left while the expulsion of a beta particle results in the formation of an ele-
ment which lies one group to the right of the parent element in the periodic table. The
phenomenon of radioactive decay is closely linked with a ratio of the number of neutrons
(n) to the number of protons (p) in the nucleus of any atom. This ratio, n/p has an impor-
tant bearing on nuclear stability. If the number of neutrons is plotted against the number of
protons then a region or zone of stability is obtained. All stable nuclei lie within this zone.
A nucleus that lies outside this zone of stability is unstable. A nucleus lying above this zone
has an excess of neutrons while one laying below this zone has an excess of protons. Such
nuclei tend to achieve stability by adjusting the n/p ratio in such a manner that they are
shifted to the stability zone. It follows that where neutrons are in excess the tendency would
be to reduce their number and or increase the number of protons and an analogous situa-
tion would be obtained in the case of an excess of protons. The resulting radioactive decay
is termed natural or spontaneous when naturally occurring nuclei are involved. If the insta-
bility is brought about by artificial means in an otherwise stable nucleus then the conse-
quent radioactive decay is termed artificial radioactivity. The law of radioactive decay may
be stated in the following manner: if N nuclei of a radioactive element are present in an
assembly at time ¢ then the rate at which N decreases, i.e., radioactive decay occurs is pro-
portional to N itself; in other words —dN/dt o N or —dN/dt = A N, where the constant of
proportionality A is called the disintegration constant or the decay constant. The half life of
aradioactive element whose decay constant is A is given by 0.693/A. Natural radioactivity is
shared by minerals whose constituents include unstable, radioactive isotopes of uranium,
thorium, radium, radon, potassium, strontium etc. Strong natural radioactivity serves as a
diagnostic feature of uranium and thorium minerals, for example, uraninite (UO,), and
thorite (Th(SiO,)). Moderate and weak radioactivity is caused by the presence of small
amounts of impurities in the form of uranium or thorium isotopes as well as other radioac-
tive isotopes contained, for instance, in minerals such as pyrochlore, samarskite, and
monazite. The weak radioactivity of sylvite, microcline, muscovite and other potassium
minerals is due to the presence of the radioactive isotope of potassium (K*).

It can be pointed out when a radioactive element decays to yield a new element, this
product element may again decay and this process of disintegration and formation of new
elements continues until a stable nonradioactive end product is reached. The whole chain
of such elements starting from the parent and ending with the final stable product is called
a radioactive disintegration series. All the known heavy radioactive elements have been
classed into four series, depending upon their mass numbers. These four radioactive series
have been named after the member of the series. They are thorium series, neptunium
series, uranium series, and actinium series. The elements of the neptunium series are all
transuranic elements with very small half life periods (with the exception of neptunium).
No member of this series is now found in nature. The end products of each of the other
three series is an isotope of lead. This explains the observed fact of lead being present in
most of the naturally occurring radioactive minerals. It may finally be added that a radioac-
tive decay reaction differs on several counts from a chemical reaction. The former has its
origin in the nucleus, involves large energy changes, does not require any activation, and is
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unaffected by factors such as pressure and temperature. By contrast, a chemical reaction is
extranuclear in origin, involves relatively small energy changes, requires activation for its
occurrence, and is, affected by factors such as pressure, temperature etc.

Thermal properties such as thermal capacity, thermal expansion, melting temperature,
thermal decomposition and sublimation are all important in considering processes to which
minerals may be directly subjected in a pyro way. As for example, roasting or calcination or
any pyro pre-treatment of a mineral concentrate is greatly influenced by its thermal proper-
ties. The chapter on pyrometallurgy deals with these aspects.

Physicochemical properties and stability of minerals decide many vital processes rel-
evant to their treatment. The solubility of minerals in various media and oxidation-reduc-
tion reactions involving minerals and various reagents are all very significant in the tech-
nology of mineral raw material processing.

Surface properties such as the absorptional ability and the wettability of minerals are
again of significant technical importance. On the wettability scale, as for example, minerals
are classified as hydrophilic minerals (which are easily wetted by water) and hydrophobic
minerals (which are not wetted by water). Hydrophobicity is very helpful in obtaining en-
richment of ores by flotation.

1.6
Mining

Mining essentially comprises extracting valuable rock material (mineral) out of the ground
and marketing it at a profit. An economically minable mineral as may be recounted is
referred to as ore and the measure used to distinguish ore from waste is the cut-off grade,
commonly expressed in terms of metal content (e.g., gold in grams per ton or copper in
percent by weight). In most cases, ore is not sold directly by the mine to its customers. To
save on transport costs it is usually processed (the processing involves crushing and mill-
ing, followed by separation of ore minerals from waste minerals) to remove as much waste
material as possible.

Mining methods are grouped into two: surface mining and underground mining. From
economical and mine design points of view the controlling factors that influence the choice
between the two mining methods are mining cost and ore recovery and dilution. In surface
mining, mining cost includes the cost of removing the waste overburden and waste side
rock in the slopes of the pit. The ratio of the number of tons of waste that must be moved
per ton of ore mined is termed the Stripping Ratio (SR).

_ Tons of waste removed

SR -
Tons of ore mined

The Break Even Stripping Ratio (BESR) or the economic limit for surface operations in
comparison with underground mining is therefore determined as:

BESR = Underground mining/cost tonne ore-surface mining cost/ton ore

Waste removal cost/tonne of waste in surface mining
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The above expression is a simple determination of the viability of surface mining opera-
tions. Actually, the calculation involves a number of other factors such as the ore grade;
mineral types; direct operating expenses incurred with mining, processing and smelting;
initial and replacement capital costs of plant; taxes and royalties; market and capital con-
straints; and environmental considerations. It may so happen that the viability of the sur-
face mining operation is determined not by the BESR, but by the ore grade. Large, shallow
ore bodies with a low SR are generally more economical when mining is carried out by
surface methods. Deep ore bodies with high values of the SR, on the other hand, are usu-
ally subjected to underground methods.

1.6.1
Surface Mining

Ease of large scale mechanisation for large volume production with enhanced safety and
economy has been instrumental to the wide acceptable of surface mining throughout the
world wherever the geological, geotechnical, mining, economical and environmental con-
ditions have been suitable. Surface mining has generally been considered to be more ad-
vantageous than underground mining with regard to recovery, grade control, flexibility of
operation, safety and working environment. There occur, however, many deposits that are
small, irregular, steeply dipping, and deeply buried. They cannot be extracted by surface
methods. Furthermore, even where mineralisation extends to a greater depth in surface
mines, the rapidly increasing volume of overburden required to be removed imposes eco-
nomic limits beyond which mining must be abandoned or converted from surface to un-
derground mining.

A number of factors control the type, the shape and the size of a surface mine. The
principal factors that affect the pit design and the shape of the mine are: geology, grade and
localisation of the mineralisation, extent of the deposit, topography, production rates, bench
height, pit slopes, stripping ratio, and cut-off grade. The surface mining operations can
broadly be classified as: (i) ground preparation, (ii) drilling and blasting, (iii) excavation and
loading, (iv) transportation, and (v) storage and reclamation. It is clear by now that surface
mining methods are used when deposits occur at or near the surface of the Earth. The
different methods of surface mining are placer mining, dredging, open pit mining, strip
mining and quarrying. It is only appropriate to refer to mining literature for a detailed
knowledge on them. The scope and orientation of the present text do not warrant such
inclusion.

1.6.2
Underground Mining

A carefully planned network of shafts, drifts, and raises are the requisites of a producing
underground mine. The word development stands for the preparation of this network. In
normal development one can recognize four different kinds of rock excavation and they are
shafts, drifts, raises and inclines. The main aim of provision of a shaft is to provide access
to or a connection with underground. This access may be utilized for a variety of purposes:
hoisting rock and ore, personnel and material transport, ventilation, etc. Most modern shafts
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are circular. The circular shafts are the most popular as they are more stable and easy to line
as compared with other shapes such as rectangular or elliptical. The horizontal drifts are
used for various purposes: development tunnelling, exploration, haulage etc. A raise serves
as connections between different levels with the functions of ore pass, manway, ventilation
passage and for stope development. Inclined transport drifts are mainly utilized for: com-
munications and transport of personnel and material between horizontal levels, transport
of different equipment between mine areas and workshops underground.

The factors that influence the selection and design of underground mining layouts are:
rock mechanics; geological features, engineering design factors, geology, rock structure
and geometry. The various mining operations include surveying, drilling, the use of explo-
sives, loading and haulage, hoisting and ventilation and lighting. In underground mining,
careful selection must be made of the intervals between different levels and the support
systems employed. Mining methods include open stoping, room and pillar mining, sublevel
stoping, shrinkage stoping, cut-and-fill mining, sublevel caving, block caving and longwall
mining. These mining methods like those of surface mining methods have been exten-
sively described in mining literature and the present text, therefore, does not advance to
deal further with them.

1.7
Availability

Sources of metals or the mineral resources are distributed quite non-uniformly over the
Earth’s surface. No country can claim that it has domestic supplies of all the minerals it
needs. The situation and outlook as to the availability of minerals thus varies from country
to country and commodity to commodity.

World production of the majority of mineral commodities is steadily increasing. In keep-
ing with technological advancements, the emphasis placed on special metals and materials
is much more now than ever before. Concurrently, new developments have opened up new
avenues of processing resources to meet the demands. Exploration, improved recovery tech-
nology, more efficient use, conservation involving curtailment of unnecessary use and avoid-
ance of waste, recycling and substitution — any or all of these can extend supplies. The
limits of these processes cannot be considered to have been reached for any mineral re-
source. For instance, let the case of fluorine be considered. According to an estimation, the
ratio of the identified resources to the cumulative demand globally, in the year 2000 A. D.,
would be only 0.8. Some relief in respect of this estimation is, however, already in sight.
The estimation has not taken into account the fluorine occurring in the identified resources
of phosphate rocks, in which it is present in amounts of 3 to 4% and from which its recov-
ery as a by-product is a reality now.

The present indications do not project a progressive scarcity of many minerals on a world
wide scale. There are, however, some signs of regional and countrywise depletion. This is
particularly true for the industrialised countries. There are examples of such countries which
have shifted from being a net exporter to a net importer of many minerals. This situation is
not necessarily due to the exhaustion of all exploitable deposits of the pertinent minerals.
Rather, it is a consequence of the facts that some of the remaining deposits have not proved
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to be economically competitive with foreign sources or that these are not sufficient to meet
the enhanced demands. Productive deposits of many minerals are becoming more difficult
to find. Gold production, as for instance, has fallen inspite of the spiralling rise in its price.
New discoveries of gold deposits are still being made. Ultimately workable resources should
not to be taken to be limited to those already identified.

There is concern over the possible inadequacy of mineral resources to meet future world
needs. There are, however, schools of thought which see no signs of an impending scarcity
of minerals. Without debating on these issues, it may be pointed out here that in examin-
ing the future availability of minerals, due emphasis must be laid on the rate of consump-
tion as well as on the magnitude of untapped and unmined mineral resources. In the present
context it is also relevant to take into account the fact that there is an in-built tendency for
the rate of increase in resource consumption to decline or slacken, once recycling starts
after the initial uses.

Mineral resources are broadly divided into discovered and the undiscovered categories.
Features such as size, quality, characteristics and exact location of individual resources are
matters of almost pure speculation for the latter. Undiscovered resources are unlikely to
contribute much to the total supply in the immediate future. In the case of discovered
resources estimates can be made, with an indication of the degree of reliability, of the tim-
ing and the future rates of production on a deposit-by-deposit basis. Using such estimation
the occurrence and the likely rate of future availability can be combined in plots such as
those shown in Figure 1.18 for discovered resources. Three situations are depicted. The
first corresponds to future supply from sources that are reliable, the second to likely sources
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Figure 1.18 Mine supply of a mineral commaodity.
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that can be reasonably counted upon, and the third to additional sources for which the
timing and the supply rate cannot be estimated at present.

1.8
Resource Classification

For obvious reasons it is desirable to obtain estimates of the magnitudes of specific mineral
resources — at a specific mine site, in a region, in a country and in the world at large.
Diverse terms and classifications have been introduced in the accomplishment of this task.
None has so far emerged as to become universally acceptable. The terms, proved, possible
and probable, are often used. The equivalent terms measured, indicated, and inferred (cor-
responding to the designations, proved, possible and probable) have also been used by
several government organizations. All these terms are illustrative of attempts to indicate
degrees of certainty in resource estimates and have been used with reference to known
deposits believed to be recoverable at a profit. Interest has, however, now grown in the
quantitative assessment of deposits that are as yet undiscovered or that are not profitably
exploitable at present but may turn out to be economic in the future. This has come about
as advancing technology has lowered the cut-off grade (the lowest grade of ore that can be
mined economically) and has demonstrated the power of exploration in discovering new
deposits, and as mineral shortages/depletions have appeared or threatened to appear.

1.9
Minerals Description

A system of minerals classification is presented in Table 1.13. The various classes of miner-

als are derived and named according to the large anions (simple or complex) that make up
the main framework of their structures. There is one exception to this scheme. The class

Table 1.13  Classification of minerals.

Serial No. Class Typical examples
1. Native elements, metals, Gold, silver, copper, arsenic, antimony, bismuth,
semimetals, nonmetals copper, sulfur
2. Sulfides Galena, sphalerite, cinnabar, pyrrhotite
Halides Halite, sylvite, fluorite, iodoargyrite
4. Oxides and hydroxides Cuprite, uraninite, baddeleyite, corundum, haematite,
rutile, cassiterite, brucite, diaspore, goethite, limonite
5 Silicates Zircon, beryl, thorite, topaz, sillimanite
6 Borates Colemanite, borax
7. Carbonates Siderite, magnesite, dolomite, smithsonite
8 Nitrates Soda—niter
9 Phosphates Monazite, xenotime
10. Sulfates Barite, anglesite, jarosite, gypsum

11. Molybdates and tungstates Scheelite, powellite, wulfenite, ferrimolybdite
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known as native elements consists of minerals whose structural framework is constituted
not of cations or anions but of electrically neutral atoms. The remaining classes of minerals
are named on the basis of the large anion that appears to the right in the formulas. The
sections hereunder briefly account for mineralogical aspects of some metals. The account
also serves to illustrate the diversity of the mineral sources of metals which chemical met-
allurgists confront and deal with.

1.9.1
Molybdenum

Molybdenum is not found naturally in its elemental form. It is obtained primarily from the
mineral molybdenite (MoS,), which contains an average 59.9% of molybdenum. It is the
only source of molybdenum which accounts for most of the world’s molybdenum supply.
Processing flowsheet of molybdenum from this commercial source into principal commer-
cial forms is illustrative of the wide and diverse applications of molybdenum and its chemi-
cals (Figure 1.19).

World molybdenum reserves are generally located along the western mountain regions
of north and south America, from ranges in Alaska down to the Andes Mountains in Chile.

Major portion of US reserves occur in Alaska, Colorado, Idaho, Nevada, New Mexico, and
Utah. In Canada, British Columbia holds the richest reserves of molybdenum. Central and
south American molybdenum reserves are found mainly in copper porphyry deposits. Chile’s
Chuquicamata and El Teniente deposits are two of the largest deposits in the world, and
account for 85% of the country’s molybdenum reserves.

The five types of molybdenum deposits include: (i) molybdenum and copper porphyry
deposits; (ii) Quartz vein and pipes; (iii) Pegmatites and apatites dikes; (iv) Contact-meta-
morphic rocks and tactite bodies of silica bearing limestone; and (v) Sedimentary rocks
containing bedded deposits.

The average crustal abundance of molybdenum is 1 to 2 parts per million. It occurs most
readily in conjunction with silica — as the silica content in the igneous rocks goes up, so
does the quantity of molybdenum. It is sometimes also found associated with uranium, as
well as with coals and petroleum residues. In its host rock, molybdenum tends to occur in
thin, tabular, and hexagonal plate forms, or simply as fine specks.

Molybdenum is mined chiefly from molybdenite deposits but is also recovered as a by-
product during copper and tungsten mining. Copper deposits generally register grades
between 0.02 and 0.08% molybdenite. Molybdenum ore is mined using both underground
and open pit mining methods. The USA, China, Chile, Iran, and Canada are the world’s
leading producers of molybdenum.

As a specific illustration reference may be drawn to molybdenum reserve scenario in the
United States. The reserves are mainly grouped under five categories: (i) primary, (ii) by-
product of copper ores, (iii) co-product of copper-molybdenum ores, (iv) by-product of tung-
sten ores, and (v) by-product of uranium ores. These have been presented and briefly elabo-
rated in Table 1.14. It may finally be recorded by way of summary that the present day
molybdenum sources in the world today seem to be principally of two main kinds: first, the
large-tonnage, low-grade, disseminated type of deposit in which molybdenite is the princi-
pal economic mineral; second, the deposits in which molybdenite occurs as a by-product in
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Table 1.14 Molybdenum reserves in the United States.

Type of reserve Description

Primary Mined particularly for the molybdenum contained in the ores. In some instances,
molybdenum could be the only valuable metal recovered from the ore. The Questa
deposit in New Mexico is mined exclusively for molybdenum content. In other
deposits molybdenum may be the main product recovered together with one or
more products. In these deposits the molybdenum content alone would allow for a
profitable operation. The ore at the Climax mine in Colorado is of this type.
Currently, monazite, pyrite, tin, and tungsten are recovered from the ore; none of
these by-products exists singly nor together in sufficient quantity so that the ore
could be mined profitably merely for the extraction of one or all of these by-products.

By-product of By-product reserves of copper ores are those contained in ores that are or would be
copper ores mined mainly for the copper content. Molybdenum recovery occurs as a by-product
or secondary product during processing of the ore for the recovery of copper.

Co-product of In these ores neither copper nor molybdenum occurs in large enough quantity for
copper molyb- the ore to be mined profitably for the extraction of just one. Operation would be
denum ores profitable when both are recovered.

By-product of The Pine Creek mine in California is the only operation that is having such
tungsten ores reserves.

By-product of The reserves belonging to this category consist mostly of the uraniferous lignites
uranium ores in North and South Dakota.

disseminated porphyry copper ores and also, to a certain extent, in some tungsten and
uranium ores. The molybdenum sulfide (MoS,) content of the disseminated molybdenum
deposits is generally in the range of 0.10 to 0.50% MoS,, in the by-product ores, it is as low
as 0.005%.

A section earlier in the present text has made a brief reference to some aspects on min-
ing. It will be of interest to describe as an example the way by which molybdenum mining
operation is carried out. Cyprus Amax of Colorado is the world’s largest primary molybde-
num producer. The company conducts primary molybdenum mining at its Henderson and
Climax mines in Colorado, and by-product extraction at the Sierrita and Bagdad copper
mines in Arizona. In 1994, half of the production of the company was primary production
from the Henderson mine. The Henderson deposit, which was discovered in 1963 beneath
the depleted Urad molybdenum mine, is understood to continue to produce primary mo-
lybdenum. Primary molybdenite ore is mined at Henderson from a 300 million tonnes
Precambrian granite porphyry deposit 3,542 feet below the peak of Red Mountain near
Empire, Colorado. It yields roughly 0.4% molybdenite (or between 5 and 8 pounds of mo-
lybdenum per ton of mined ore). The ore body consists of an igneous granitic intrusion in
which molybdenum has been enriched by several episodes of magmatic differentiation.
Both Henderson and Climax are examples of hydrothermal molybdenum stock work de-
posits, which are characterised by the presence of molybdenum-bearing minerals in the
cavities, cracks, or interstices of matrix rock. The panel caving method of mining is utilised
at the Henderson mine. Panel caving involves drilling holes into the ore body, loading the
holes with ANFO (ammonium nitrate fuel oil) explosives, and blasting away the ore to
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form extraction tunnels. “Long hole” drilling takes place inside these tunnels. Long holes
are drilled in a ring pattern into the walls of the extraction tunnels, and loaded with ANFO.
The blasts cause the ore to cave in and fall to the floors of the tunnels. From there, caved ore
is packed up and hauled by front end loaders to ore bins that lead down to the railcar
receiving level. Henderson's onsite mill is the world’s largest producer of molybdenum
disulfide. Ore is hauled by automated underground railcars that pass through the moun-
tain tunnel at some intervals, crossing the Continental Divide to arrive at the mill site on
the surface. The ore is unloaded into a gyratory crusher, in which it is pulverised to rocks to
an acceptable size, then delivered to one of four semi-autogenous grinding (SAG) mills.
The SAG mills grind the rocks into small particles, which are then sent to a flotation ma-
chine to produce molysulfide concentrate.

1.9.2
Nickel

Nickel is a malleable, ductile, tenacious, slightly magnetic, silvery white metal, which con-
ducts heat and electricity fairly well. It is ferromagnetic at ordinary temperatures but be-
comes paramagnetic at elevated temperatures. Nickel is closely related in chemical proper-
ties to iron and cobalt. While sulphidic sources of nickel account for the world’s major
nickel supplies, it may be pointed out that lateritic nickel deposits (which essentially consti-
tute an oxidic source of the metal) are more extensive than the sulphidic sources.
Mineralogy on nickel like a good many of others finely illustrate some among the proc-
esses that lead to formation of minerals and ores described earlier. Lateritic nickel deposits
are essentially heterogeneous mixtures of hydrated iron oxides and hydrous magnesium
silicates, each holding low concentrations of nickel and cobalt. These deposits are formed
as a consequence of weathering of ultrabasic rocks such as peridotite or serpentine. They
are usually found in tropical or subtropical regions, which get a good rainfall. A major con-
stituent of peridotite rock is olivine, a silicate of magnesium and iron, ((Fe,Mg),SiO,). This
often carries small amounts of nickel because of the fact that the ionic radii of Fe**, Mg**
and Ni** are quite similar so that nickel can substitute into the olivine structure in place of
either iron or magnesium. So called nickeliferous peridotite typically has about 0.2% nickel,
0.02% copper, 0.2% chromium and 10% iron. Serpentine is altered product of olivine, from
which weathering has removed iron, leaving a hydrous magnesium silicate structure.
Nickeliferous peridotites are leached by surface waters that have been rendered acidic by
dissolved carbon dioxide and organic acids derived from decomposing vegetable matter.
The ground water, containing dissolved iron, nickel, magnesium and silica, moves down-
wards. Iron quickly oxidises and precipitates from solution near the surface as a hydrated
iron oxide, goethite. Much of the cobalt and part of the dissolved nickel coprecipitate with
the iron in solid solution in the goethite lattice, giving rise to an iron-rich, nickeliferous
mineralization which is usually described as limonitic ore. The remaining dissolved nickel,
along with the magnesium and the silica, carry on down through the underlying basic rock.
As it runs down, the pH of ground water goes up because of reactions with the bed rock
and this results in the precipitation of hydrous nickel-magnesium silicates. These forma-
tions are known as garnierites. Since nickel is less basic than magnesium, it shows propen-
sity to precipitate preferentially as the pH goes up and thus precipitated garnierites get
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enriched with nickel as compared with the source peridotite rock from which the solutions
emanated.

A typical lateritic nickel deposit can therefore usually be divided into three distinct zones,
which are encountered as one goes down to the depths from the surface. The first distinct
zone is nickeliferous limonite zone. This zone resides very close to the surface and consists
mainly of goethite o-FeOOH. The nickel-rich, hydrous magnesium silicates (garnierite zone)
are found at lower depths just above the bed rock. A transition zone is usually found occur-
ring between limonitic and the garnierite zones. The zone consists of various magnesium
silicates. Again, this tends to be very heterogeneous material like the silicates constituting
the garnierite zone. Looking at a profile of the variations in composition of a typical lateritic
deposit it may be observed that the average concentration of iron steadily comes down with
increasing depth, while those of magnesia and silica go up with depth. Cobalt shows ten-
dency to follow iron, with the peak concentrations taking place in the limontic zone. The
story of nickel, on the other hand, is that it follows magnesium and silica and is found at
peak concentrations in the granieritic zone. A common feature of all the three laterites is
that they contain a good amount of water which keeps an important bearing on process
selection for nickel since, should a process need a dry feed, considerable amounts of energy
must be spent in drying the associated water. As regards the compositional variations in the
various zones, it may be seen that with increasing depth the concentration of iron steadily
comes down, whereas those of magnesium and silica increase. Cobalt tends to follow iron,
with its highest concentration occurring in the near surface limonitic zone. Nickel, on the
other hand, follows magnesium and silica and is found at highest concentrations in the
garnieritic zone.

1.9.3
Niobium-Tantalum

The mineralogy of niobium and tantalum is complex. Tantalite and microlite are the most
common of the tantalum minerals and these are present, to a greater or lesser extent, in
most tantalum-bearing ores. Tantalite constitutes the tantalum-rich end of the columbite—
tantalite isomorphous series, (Fe,Mn) (Nb,Ta),Og. Iron and manganese may substitute com-
pletely for each other; likewise, tantalum and niobium. In a similar manner, microlite is the
end member of the microlite-pyrochlore isomorphous series, (Na,Ca,Ce) (Nb,Ti,Ta),
(O,0H,F),, with mutual free substitution of the three elements within the three compo-
nents in the parentheses. Niobium occupies the thirty-third place in the order of natural
abundance, being present in the Eartlis crust at an average concentration of about 20 g t ™.
It is more abundant than cobalt, molybdenum or tantalum. The most important niobium
mineral is pyrochlore, a compound with the general formula (Ca,Na),_,,Nb,0.(O,0H,F),_,
- x H,O. The lattice positions of sodium and calcium can also be occupied by barium,
strontium, the rare Earths, thorium, and uranium. The latter two elements account for the
radioactivity of some pyrochlores. The second important niobium mineral is columbite,
(Fe,Mn)(Nb,Ta),Oq, in which niobium is always present with tantalum. These ores are re-
ferred to as columbites if the Nb,Os content is greater than the Ta,Os content; otherwise
they are called tantalites. Table 1.15 lists the chemical compositions of various niobium and
tantalum minerals. It may be pointed out that carbonatites account for more than 90% of
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Table 1.15 Chemical composition of the principal niobium—tantalum-bearing minerals.

Mineral Nb,O; Ta,O5 TiO, Fe MnO SnO,
Pyrochlore NaCaNb,O4F 40 - 65 2 1-6 2

Columbite (Fe,Mn)(Nb,Ta),O4 40-75 1-40 0.5-3 10-20 2.6 2
Tantalo-columbite (Fe,Mn)(Ta,NDb),Oq 20-60 20-50 0.5-3 10-20 2.6 2
Tantalite (Fe,Mn)(Nb,Ta),O, 2-40  42-8 05-3  10-20 26 2
Microlite Ca,(Ta,Nb),04(OH,F) 2-40  42-84 05-3  10-20 26 2

Table 1.16  Niobium and tantalum pentoxide contents in tin slags from various countries.

Country Nb,O; Ta,O;
Malaysia 4 4
Nigeria 14 4
Portugal 7 7
Singapore 3 2
Thailand 8 12
Zaire 5 9

the commercial production of niobium, the pyrochlore group having replaced columbite as
the most important source of niobium. Pyrochlore is the only mineral mined for niobium
in carbonatites. Niobium may also occur as iron substitution in rock-forming minerals
(e.g., perovskite) and as a major element in accessory minerals (e.g., ferrocolumbite, fersmite,
niocalite, and wohlerite). A further source of niobium and tantalum is provided by tanta-
lum-niobium slags from tin production, since columbites and tantalites are often associ-
ated with cassiterite. The niobium and tantalum oxide contents of various tin slags origi-
nating from some leading tin producing countries in the world are given in Table 1.16.

1.9.4
Rare Earths

As pointed out earlier and indicated in Figure 1.1, lanthanum, the lanthanides, yttrium and
scandium have been grouped together under the name of the rare Earths. Although not
lanthanides, yttrium and scandium, atomic numbers 39 and 21, respectively are included
in the family of rare Earths because they invariably occur with them in nature, having
similar chemical properties and similar ionic radii. Based on property differences due largely
to varying ionic radii, the rare Earths have been broadly classified into two groups: the
cerium subgroup comprising lanthanum and the first six members of the lanthanide series
(atomic numbers from 58 to 63) and of first seven numbers (atomic numbers from 57 to
63); and the yttrium subgroup comprising the remaining lanthanide elements (atomic
numbers from 64 to 71) together with yttrium and scandium. The term light rare Earths is
also used to denote the former; likewise, the yttrium subgroup is referred to as heavy rare
Earths. The name rare Earths is a misnomer, because these elements are neither rare nor
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Earths. The early Greeks believed that everything in the world was made up of four ele-
ments: air, Earth, fire, and water. The Earths were substances which could not be changed
by heating to the highest temperatures then available to the scientists, and in the early part
of the 19th century, when the first rare Earths were discovered, they resembled the com-
mon Earths, which were really oxides of magnesium, calcium, and aluminum. Rare Earths
are not rare: cerium, the most plentiful, is nearly three times more abundant than lead in
the Earth's crust; thulium, the least plentiful, is more abundant than cadmium, silver, gold,
or platinum (Figure 1.20). All the members of the rare Earth family, except promethium
(z = 61), occur in nature. Although this “missing” element in the rare Earth family does not
occur in nature, it has been produced artificially from the stable neodymium isotope ;,Nd'*®
by bombardment with neutrons. The process produces the (,Nd'*’ isotope which decays by
beta emission to yield (;;Pm'*) which is radioactive and has a half-life of 3.7 years. This
radioactive isotope decays, again by beta emission, to yield a stable isotope of samarium
(6,Sm"'*). Promethium also results from the beta decay of (,2Nd'*’ which occurs among the
fission products in ¢,U*** fission:
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Rare Earths are produced primarily from three ores, monazite, xenotime, and bastnasite.
Monazite is a phosphate mineral of essentially the cerium subgroup metals and thorium —
(light rare Earths, Th)PO,. The composition of monazite is reasonably constant throughout
the world, with almost 50% of its rare Earth content as cerium and most of the remaining
50% as the other members of the cerium subgroup. Xenotime, like monazite, is a rare Earth
orthophosphate but contains up to 63% yttrium oxide and also a markedly higher propor-
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Table 1.17  Analysis of bastnasite, monazite, and xenotime from different locations®
(Percent of total rare Earth oxide).

Rare Bastnasite Monazite Xenotime
Earth (REFCO;, (RE,Y,ThPO,) (YREPO,)
California China Eastern Western Florida India China Malaysia

Australia  Australia

La 32.00 27.00 20.20 23.90 17.47 23.00 23.95 0.50
Ce 49.00 50.00 45.30 46.03 43.73 46.00 45.68 5.00
Pr 4.40 5.00 5.40 5.05 4.98 5.50 4.16 0.70
Nd 13.50 15.00 18.30 17.38 17.47 20.00 15.74 2.20
Sm 0.50 1.10 4.60 2.53 4.87 4.00 3.05 1.90
Eu 0.10 0.20 0.10 0.05 0.16 0.10 0.20
Gd 0.30 0.40 2.00 1.49 6.56 2.03 4.00
Tb 0.01 0.20 0.04 0.26 0.10 1.00
Dy 0.03 1.15 0.69 0.90 1.01 8.70
Ho 0.01 0.05 0.05 0.11 1.50 0.10 2.10
Er 0.01 1.00 0.40 0.21 0.04 0.51 5.40
Tm 0.02 trace 0.01 0.03 0.51 0.90
Yb 0.01 0.20 0.12 0.21 0.51 6.20
Lu 0.01 trace 0.04 0.03 0.10 0.40
Y 0.10 0.30 2.10 2.41 3.18 3.05 60.80
Total 100.00 100.00 100.00 100.00 100.00 100.00 100.00 100.00

a) Bastnasite, the world’s principal source of rare Earths, is mined as a primary product in the United States
(the most notable commercial deposit is at Mountain Pass, Calif.), and as a by-product of iron-ore mining
in China. Significant quantities of rare Earths are also recovered from monazite, primarily a by-product of
heavy-mineral sands mined for titanium, and zirconium minerals or tin in Australia, Brazil, China, India,
Malaysia, and several other countries. Small quantities of rare Earths, especially yttrium, are obtained
from the yttrium-rich mineral xenotime, recovered primarily as a by-product of processing tin ore in
Malaysia, Thailand, and China.

tion of the heavy rare Earths. Bastnasite is a rare Earth fluorocarbonate, generally represented
as REFCOj;. The mineral resembles monazite physically and may contain a variety of other
elements. Unlike monazite, however, its composition varies from locality to locality and it
seldom contains appreciable quantities of thorium. Table 1.17 shows the distribution of the
various rare Earth metals in these three resources, along with their major occurrences.

1.9.5
Uranium

Uranium is not a very rare element. It is widely disseminated in nature with estimates of its
average abundance in the Earth's crust varying from 2 to 4 ppm, close to that of molybdenum,
tungsten, arsenic, and beryllium, but richer than such metals as bismuth, cadmium, mer-
cury, and silver; its crustal abundance is 2.7 ppm. The economically usable tenor of uranium
ore deposits is about 0.2%, and hence the concentration factor needed to form economic ore
deposits is about 750. In contrast, the enrichment factors needed to form usable ore depos-
its of common metals such as lead and chromium are as high as 3125 and 1750, respectively.
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Bound in minerals such as uraninite, pitchblende, coffinite, etc. fixed as a
replacement ion for Y, Ce, Zr, Th, Ca, and Ba in other, particularly accessory
minerals and adsorbed as ion on clay minerals, hydrous iron oxides, etc.
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Figure 1.21 Interconversion cycle of tetravalent (U*") and hexavalent (U®*) uranium in nature.

Uranium is a strong lithophile element and always occurs in nature in combination with
oxygen. Though 2, 3, 4, 5, and 6 valence states of uranium are known, geochemically only
the reduced form U* and the oxidized form U®" are important. U*" is stable under reduc-
ing conditions and with increase in oxidation potential, it readily transforms into U®*. While
U* is insoluble in water, U%* is readily soluble, forming the uranyl complex ion (U®*0,)**.
This immobile-mobile nature of the two valence states of uranium under reducing-oxid-
izing conditions is a most important geochemical feature of uranium, unlike its neighbor
thorium in the periodic table, and is in fact responsible for the formation of several types of
uranium deposits as well as a large number of uranium minerals. The interconversion
cycle of U** and U in nature is illustrated in Figure 1.21.

The geochemical cycle of uranium follows the cyclic character of the petrogenetic evolu-
tion of the crust of the Earth. The uranium ore concentrations occur in all the three princi-
pal environments of geochemical cycle, namely, igneous, sedimentary, and metamorphic,
by interconversion from one type to the other as depicted in Figure 1.22. Accordingly, three
stages of formation of uranium deposits are identified. These are: (i) primary stage by en-
dogenous magmatic processes; (ii) secondary stage by exogenous sedimentary processes;
and (iii) tertiary stage by metamorphic processes.

The geological term, uranium occurrence, implies a naturally occurring anomalous con-
centration of uranium. The term, uranium deposit, implies a mass of naturally occurring
mineral material from which uranium could be exploited at present or in the future. An
often-encountered term in uranium mineralogy is uranium ore mineral. It is a mineral
having such physical and chemical properties and occurring in a deposit in such concentra-

Al
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Figure 1.22 Geochemical cycle of uranium showing relationships of ore deposits
and most important form of uranium in various parts of the cycle.

tions that it may be used for profitable extraction of uranium, either alone or together with
one or more metals.

There are only a few of the many uranium minerals which meet these qualifications, and
still fewer in which uranium is the major constituent. It must be appreciated that the ura-
nium content does not of itself, however, speak for its being uranium ore mineral. If the
uranium is present in a mineral in such complex combinations with other constituents
that it is too uneconomic to extract, or if the mineral does not occur sufficiently to imple-
ment extraction worthwhile, that mineral is not to be called a uranium ore mineral. In this
manner, the definition for an ore mineral, like that of an ore deposit, depends upon eco-
nomics and time and upon the values of uranium and the results of future exploration and
metallurgical progress. A uranium mineral deposit that is not an uranium ore mineral
deposit today may be one in the future. It may, however, be stated that although all uranium
ore mineral deposits are uranium mineral deposits, the reverse is not true. This is in fact
follows from the general statement that all ore deposits are mineral deposits but the reverse
is not true, which stems very obviously from the text on ores and minerals provided in the
earlier section. Most of the uranium minerals in pegmatites and placers are refractory. This
means that uranium is present in such combinations that they are extremely difficult to
break down chemically in order to recover the uranium. The minerals belonging to the
refractory group occur scattered sparsely throughout the deposit so that recovery is difficult
and expensive. Therefore, even though some of the individual minerals may contain upto
50% uranium, they are not to be addressed as uranium ore minerals.
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Table 1.18 Major uranium resources of the world numbered in sequence on the basis of their geological
setting and arranged according to their approximate economic significance.

Major uranium resources

(1) Unconformity-related: The ore bodies at Cluff Lake, Key Lake, and Rabbit Lake in northern
Saskatchewan, Canada, and those in the Alligator rivers area in northern Australia

(2) Sandstone: The tertiary, Jurassic and Triassic sandstones of the western Cordillera of the United
States account for most of the uranium production in that country. Cretaceous and Permian
sandstones are important host rocks in Argentina. Other important deposits are found in
carboniferous deltaic sandstones in Niger; in Permian Lacustrine siltstones in France; and in
Permian sandstones of the Alpine region. The deposits in Precambrian marginal marine
sandstones in Gabon have also been classified as sandstone deposits.

(3) Quartz—pebble conglomerate: Commercial deposits are available in Canada and South Africa, and
subeconomic occurrences are reported in Brazil and India.

(4) Vein: The dimensions of the openings have a wide range, from the massive veins of pitchblende at
Jachymov, Shinkolobwe, and Port Radium to the narrow pitchblende filled cracks, faults, and
fissures in some of the ore bodies in Europe, Canada, and Australia.

(5) Breccia complex: The main representative of this type is Olympic Dam deposit in South Australia.
Deposits in Zambia, Zaire, and Aillik group in Labrador, Canada, may also belong to this group.

(6) Intrusive: Rossing deposit in Nambia, uranium occurrences in porphyry copper deposits as
Bingham Canyon and Twin Buttle in USA, the Palabora in South Africa, deposits in the Bancroft
area, Canada.

(7) Phosphorite: Deposits in Florida, USA, and the large deposits in North African and Middle-eastern
countries. Uranium is recovered as a by-product from Florida deposits.

(8) Collapse breccia pipe: Deposits in the Arizona strip in Arizona, USA.

(9) Volcanic: Deposits Michelin in Canada, Nopal I in Chichuahua, Mexico, Macusani in Peru and
many deposits in China and the CIS.

(10) Superficial: Deposits associated with calcrete occurring in Australia, Namibia, and Somalia.

(11) Metasomatic: Deposits Esphinharas in Brazil, Ros Adams in Alaska, USA, as well as the Zheltye
Vody deposit in Krivoy Rog area, Ukraine.

(12) Metamorphic: Deposits at Frostau, Australia.

(13) Lignite: Uraniferous deposits in the Serres Basin, Greece, North, and South Dakota, USA and
Melovoe, in the CIS.

(14) Black shale: Uraniferous alum shale in Sweden, the Chatanooga shale in the USA, the deposit of
Gera-Ronneburg in the eastern part of Germany.

Others: Deposits in Jurrasic Todilto limestone in the Grants district, New Mexico, USA.

Depending upon lithologic and structural relationship with host rocks, mineralogy, at-
tendant alteration, paragenesis and spatial and temporal constraints, the uranium resources
of the world can be assigned to the 15 main categories of uranium ore deposits. They have
been shown numerically numbered in sequence in the order of their approximate eco-
nomic significance in Table 1.18. At present, only 7 can be said to be economically impor-
tant (see Table 1.19) and these account for more than 95% of the world resources of ura-
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Table 1.19 Important types of uranium deposits.

-

Unconformity related-type (both contact and subconformity-type)

Sandstone-type (tabular, roll front and tectonic lithologic)
Quartz-pebble conglomerate-type

Breccia complex (U-Au-Cu-REE)

Vein-type (disseminated hydrothermal)

Intrusive-type (carbonatite, pegmatite, quartz-monazite, etc.)
Superficial-type (calcrete etc.)

NS VAW N

nium (Figure 1.23). Countrywise (other than Russia and China), distribution of uranium
resources of the world is illustrated in Figure 1.24.

A characteristic feature of uranium deposits is their clear time-bound character, showing
preponderant concentration during certain periods of the Earth's history. Essentially, five
periods of major concentrations are observed; these are 2800-2200 M years, 2000-1500 M
years, 1300-1100 M years, 500-400 M years, and 300 M years to recent. Corresponding
with these periods, one also sees the concentration of a particular genetic type of uranium
ore deposit. Concentration during the period 2800-2200 M years comes from quartz—peb-
ble conglomerate-type deposits, which are detrital concentrations that have taken place during
a period when an oxygenated atmosphere was lacking. That in the period 2000-1500 M
years is accounted for by paleo-surface and unconformity related vein deposits — these
often have spectacular grades, as in the Cigar and Key lake areas of Canada. The concentra-
tion during the 1300-1100 M years period comes mainly from the recently categorized
breccia-complex type, the main example being the Olympic Dam deposit in Australia, con-
taining an estimated 2 billion tonnes of ore of tenor 0.06% U,;O; (1.2 million tonnes of

Unconformity
related
(27%) Sandstone
(26.5%)

Figure 1.23 Uranium resources —
Distribution in major types of deposits.
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South Africa
(9.0%)

Figure 1.24 Uranium resources —
Country-wide distribution
(WOCA Countries).

U;0y). The concentration during the period 400-300 M years occurs in marine black shales,
while that in the 300 M years to recent period is accounted for by sedimentary-type depos-
its, an important example being the Colorado Plateau deposits of USA.

The polyvalence of uranium and the relatively high solubility of the hexavalent form leads
to a large number of minerals containing this element as an essential ingredient. The ura-
nium minerals may be grouped into chemical categories as simple silicates, multiple ox-
ides, hydrated oxides, and hydrated uranyl salts. This mineralogical classification is strictly
chemical. From the point of view of metallurgical processing, uranium ores may be grouped
into yet another number of general mineralogical classification based on chemical nature
of the uranium minerals and their response to leaching or on physico-chemical associations
of the uranium and their influence on treatment procedures. These categories are: (i) ores
having tetravalent uranium; (ii) ores having hexavalent uranium; (iii) refractory uranium
minerals; (iv) associations of uranium and carbon; and (v) phosphates and miscellaneous.

Besides the chemical and metallurgical categories, uranium minerals are usually divided
into two main groups — the so-called “primary” and “secondary” minerals. This classifica-
tion is based on the valence state of the uranium. The term “primary” is assigned to the
family of uranium minerals in which tetravalent uranium is the dominant valence state,
and “secondary” to that in which hexavalent uranium is the dominant valence state. The
primary uranium minerals are generally black or dark brown, noticeably heavy, and often
have a shiny or pitch-like luster. Alteration of the oxides by hydration and by chemical
reaction leads to a great variety of the secondary uranium minerals, nearly all of which are
hydrated. The secondary uranium minerals provide a spectacle of colors. Instead of the
physical colors as stated for the primary minerals, they present a collection of brilliant
yellow, orange, green, and all of the combinations and in-between shades of those colors.
As a group, they are probably more beautiful than the minerals of any other element, and
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this facilitates their identification in the field. However, prospectors who are inexperienced
may frequently mistake them with other colorful minerals, such as malachite (copper car-
bonate), a copper mineral, to name just one. Some representative examples of primary and
secondary uranium ore minerals have been shown in Table 1.20. Most of the world’s im-
portant uranium deposits contain a significant portion of their uranium in the tetravalent
form. The most common mineral containing tetravalent uranium which according to the
laid down norms of classification based on valency state of uranium, belong to the category
of primary ore minerals of uranium are uraninite and pitchblende (preferably defined as an
amorphous, noncrystalline variety of uraninite) as shown in Table 1.20. They are mixtures
of UO, and UO;, the ratio depending upon the conditions of formations and changes thereof.
The two names are often found as used synonymously in literature. The response of pri-
mary uranium ore minerals which, as mentioned, are characterized by predominance of
presence of tetravalent uranium which is an important consideration in leaching of an
uranium source. Uranium in tetravalent form is virtually insoluble in dilute and in sodium
carbonate solutions without an oxidant being present. The uranium source containing ura-
nium, or pitchblende, to leaching is variable. An oxidant is needed, and fine grinding may
be necessary to ensure exposure of uraninite to the leaching solution. This is particularly
important with carbonate leaching, because alkalis do not attack the gangue minerals en-
closing the uraninite. The acid, on the other hand, attacks the carbonates that are com-
monly intimately associated with uraninite, and this condition facilitates exposing uraninite
to the leaching solution. An advantage of fine grinding is that high leaching rates are ob-
tainable during carbonate leaching. The leaching of uraninite in carbonate solution is
kinetically slower than leaching in sulfuric acid medium. The secondary minerals have not
contributed to any significant extent to the total uranium production todate. However, these
deposits are more voluminous and wide ranging than those in the category of primary ore
minerals and, as a consequence of all-out prospecting activity their significance is steadily
gaining. The most important of secondary uranium ore minerals is carnotite and according
to a source it provided at a point of time possibly a sizeable portion amounting to about
90% of the uranium production from secondary deposits. The Colorado Plateau area of the
United States was a peer example of deposits of carnotite. There it was identified in 1898
and it has since provided the major domestic uranium production. The chemical composi-

Table 1.20 Some types of uranium ore minerals deposits.

Uranium ore mineral type Chemical composition

Primary (predominantly tetravalent uranium)

Uraninite Ideally UO,

Pitchblende (a variety of uranium) UO0,,-U0,,

Uranothorite Th_4U,SiO,

Coffenite U(Si0,),_(OH).,

Secondary (predominantly hexavalent uranium)

Carnotite K,0 - 2UO; - V,05 - n H,0
Torbernite and meta-torbernite CuO - 2UO; - P,0s - n H,0
Autunite and meta-autunite CaO - 2UO; - P,0O5 - n H,0

Uranophane CaO - 2UO; - 2Si0, - 6 H,0
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tion of the source immediately identifies it also as a source for another element, vanadium.
This actually proved to be also a source of vanadium and vanadium emerged as a shadow of
uranium. So went the history. Carnotite had this legacy as an additional feather in its cap
apart from being the principal supplier of uranium from the category of secondary ura-
nium ore minerals. Unlike primary ores, the secondary minerals like carnotites and others
belonging to the category contain uranium predominantly in its hexavalent form, this be-
ing readily soluble in acids and alkalies without any oxidant being present. An interesting
point may be added that, unlike uranium, the number of thorium minerals is small, mainly
because thorium does not form secondary minerals.

1.10
Extraction Flowsheets

1.10.1
Features

A general process flowsheet shown in Figure 1.25. It is found to be an assemblage of sev-
eral unit operations placed in sequence as needed. Though many of the extraction and
processing steps are similar for the common and the rare or the less-common metals, there
are certain characteristic differences. First, resources of rare metals are usually lean and
complex in composition. Some of the rare metals occur only as very minor constituents in
ores and in wastes of ferrous and common nonferrous metals processing. Second, while
the rare metals resources have complex compositions, the metals themselves must be ob-
tained in a very pure condition. These metals generally show a great sensitivity to the pres-
ence of impurities. For example, the mechanical properties of refractory rare metals be-
longing to groups 4 to 6 of the periodic table are markedly impaired by the presence of
interstitial impurities such as carbon, nitrogen, oxygen, and hydrogen. Pure niobium, which
is cold-ductile, becomes brittle like pumice stone if its oxygen content exceeds even by
some small specified amounts. In the case of rare metals, the maximum permissible con-
centrations of impurities in the finished product are often of the order of a few thousandths
of one percent. Third, the task of meeting the purity specifications of finished metals be-
comes really difficult, if not impossible, and this factor generally plays against the econom-
ics of production. As an example, mention may be made of the separation of chemically
similar elements — separation of niobium from tantalum, of rare Earth elements from one
another, and of hafnium from zirconium. The elimination of impurities and the produc-
tion of high-purity metals and compounds are of crucial importance in the technological
processing of the rare metals and the relevant raw materials.

Finally, it may be pointed out that none of the rare metals can be smelted directly from
the ore. The concentrate must first be converted to a pure chemical compound which is
utilized as the raw material for the production of the metal. The refractory rare metals are
often obtained in the form of a powder or sponge. They are consolidated and refined by
powder metallurgy techniques or by arc melting or by electron beam melting. In fact, the
current refractory rare metals technology has been crucially dependent on the development
of vacuum metallurgical techniques and processes.
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1.10.2
Process Routes

The process objectives defined earlier must relate to the process routes. A process route
essentially consists of several sequential steps with the ultimate aim of achieving the proc-
ess objective. There are one or more of basic objectives, namely, separation, production of a
compound intermediate, metal reduction, and metal refining. With a given starting source
material the four basic objectives can be pursued singly or in combination to arrive at the
ultimate aim. For example, if the ultimate aim is to prepare a concentrate for the market
then it is only the separation that is required for reaching to the product. If, on the other
hand, purified metal production is the ultimate aim then possibly all the four objectives
have to be fulfilled.

The first step in establishing a process route is concerned with the identification of the
source material and its characteristics. With a given source material there can be a number
of processed products. It is necessary that these are identified and the market, the product
specifications and the value of such products determined. The products of the operation may
be concentrates, metal compounds, impure metals or high-purity metals. Following the
selection of a particular product, the second step pertains to defining the objectives of the
relevant processes. The third step involves the choice of the main processes for achieving
these objectives. The fourth step is devoted to choosing the link process steps such that any
process in the series has an input and output of materials which are compatible with the
preceding and the following processes. In the fifth and final step the process route is further
developed and the process characteristics are defined, becoming more detailed in each step.
When a process route has been established in detail for a preliminary analysis to be carried
out, the exercise is repeated in order that a number of alternative routes can be formulated.
When the possible routes for one product have been defined or identified, the various routes
for producing the second product, if any, are determined in the same way. After all the pos-
sible routes have been considered, a preliminary economic analysis may be carried out.

As an example of the analysis of the existing process routes, reference is drawn to Figure
1.26, which essentially represents a leading commercially important process route for the
treatment of a low-grade oxidic copper ore. It is one of the prime examples wherein
hydrometallurgy is seen to have played an important role in the field of chemical metal-
lurgy. The first step in this illustration shows that the ore is an oxidic copper ore. The ore
grade of the deposit assays 0.5% copper. The final product of the process is to be high-purity
copper. The second step, which is concerned with the process objectives, therefore, in-
cludes: (i) separation; and (ii) metal production. From a glance at the flowsheet it is appar-
ent that the intention is to achieve the process objectives and the final specifications. It is
not intended to implement steps leading to compound formation and metal purification.
In the third step, as could be seen from the figure, the key process that has been selected for
separation is leaching and that for metal production, electrowinning. The fourth step de-
picts dump leaching, involving the use of sulfuric acid as the leachant, as the key separation
process. The leach liquor so obtained is lean in copper and is impure. It is not suitable in
that good grade copper cannot be electrowon from it. The introduction of two link proc-
esses, involving desliming the liquor and solvent extraction, produces the correct quality
feed for electrowinning. The solvent extraction process not only upgrades the copper con-
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centration of the solution but also extracts copper selectively from the leach solution, dis-
carding the unwanted impurities. It is also found that the process regenerates and recycles
the leaching agent used in the key separation process.

As an additional example, the present, the description may be compared to germanium.
In the period between 1986 and 1990, the Apex copper mine in southwestern Utah pro-
duced germanium as a primary product; gallium was produced as a by-product and small
amounts of copper were also produced. This operation was not profitable because it in-
volved high processing costs. A shrinking germanium market caused further injury. Since
then, germanium production the USA has remained principally tied to zinc smelting. When
zinc concentrates are subjected to roasting and sintering, germanium volatilizes and con-
centrates in sinter fumes. To recover the germanium, the sinter fumes are leached and the
contained germanium is selectively precipitated in sulfide form by fractional naturaliza-
tion, using hydrogen sulfide or tannic acid. Sodium dichlorate or permanganate is then
used to oxidize the germanium sulfide prior to its dissolution in concentrated hydrochloric
acid. Finally, germanium tetrachloride (GeCl,) is recovered by fractional distillation. Elec-
trolytic plants in USA are also becoming an important source of germanium. As the pres-
ence of germanium has an adverse influence on electrolysis, it is required to be removed
from the zinc sulfate electrolyte. Several solvent extraction and ion-exchange processes have
come into being to separate the germanium impurity from the electrolyte, which often
contains concentrations of germanium adequate for commercial extraction. In Russia and
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China, germanium is recovered primarily from coal. When coal is burnt in power plants,
germanium gathers in the fly ash produced. In copper-lead concentrates of Tsumes, Na-
mibia, germanium sulfide is sublimed and separated. In Katanga, Zaire, copper—zinc ores
having with them germanium are roasted with sulfuric acid and leached; the germanium is
then precipitated using magnesium oxide. Regardless of the source of germanium concen-
trate, further processing of germanium into usable products follows a similar path. Once
separated from other metals by fractional distillation, germanium tetrachloride is hydrolyzed
into oxide form, and then reduced with hydrogen to produce germanium metal. The differ-
ent processing stages for the production of several germanium compounds and metal are
depicted in Figure 1.27. After germanium concentrates are chlorinated to produce germa-
nium tetrachloride, an oxidizing agent is usually added during primary distillation to sup-
press the volatility of arsenic. The distillation process is carried out in a glass or quartz
receptacle in order to minimize the absorption of metallic impurities, the levels of which
must be maintained at less than a few parts per million for most germanium tetrachloride
applications. Next, the purified tetrachloride is hydrolyzed using deionized water to pro-
duce germanium dioxide, which is filtered and dried. To produce germanium metal pow-
der, germanium dioxide is reduced with hydrogen at a temperature of 760 °C. “First reduc-
tion” or “as-reduced” germanium bars are formed by subsequent melting and casting.
“Intrinsic” or electronic-grade germanium is produced by zone refining. This particular
technique of purification involves melting one zone at one extremity of the germanium bar
and progressing the melting process through to the other extremity of the bar. Impurities
accumulate in the moving melted zones and become concentrated in the last portion of the
bar to melt and solidify; this portion is subsequently removed and reprocessed. However,
any contained boron and silicon impurities must be removed from the melt prior to zone
refining since this method proves ineffective in removing these metals.

1.10.3
Process Reactors

A reactor is principally meant to bring the reacting species together under conditions in
which chemical reactions are favorable, to supply the requisite energy, and ultimately to allow
a separation of the reacted product phases. More often than not, the chemical treatment
step that occurs in a reactor is the heart of the process. This step can be crucially important
to make or break the process, on the basis of considerations of economic viability.

Reactors of various designs abound. Most of them, however, may be classified as belong
to certain types, each characterized by some essential features that are common. For exam-
ple, reactors may be classified as being continuous or discontinuous. A classification can
also be made on a functional basis; for instance, there are reactors which are used exclu-
sively for pyrometallurgical operations. Similarly there are reactors for carrying out only
hydrometallurgical or electrometallurgical operations. It may, in general, be added in the
context of process reactors that they may consist of several smaller units which work either
in a series or in a parallel mode and, with the whole set of units functioning together,
implement the desired process. As examples mention may be made of flotation cells in
mineral processing, of mixer settlers in hydrometallurgy and of electrolytic “winning” and
“refining” cells in electrometallurgy.
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From another view point it can be said that equipment in which homogeneous reactions
are effected can be of one of three general types: the batch, the steady-state flow, and the
unsteady-state flow or semi batch reactors. The third category includes all reactors that do
not fall in the first two categories. The various forms of the semi batch reactor include those
in which the volume and the composition change, those in which the volume changes but
the composition remains unchanged, and those in which the volume is invariant but the
composition changes. The batch reactor is characterised by its simplicity. It needs little
supporting equipment and thus has the advantage of flexibility of operation (may be shut
down easily and readily). It, however, has the disadvantages of high labour and handling
costs, often of high shut down time to empty, clean out, and refill, and of inferior quality
control of the product. Taking all these factors into account a generalised statement can be
made that the batch reactor is well suited to treat small amounts of material and to produce
correspondingly small amounts of the product or to produce many different products from
one piece of equipment. The steady-state flow reactor is ideal in those situations where
large quantities of material are to be processed and where the rate of reaction is extremely
rapid. For these reactor the requirements of supporting equipment are considerable. How-
ever, an extremely good product quality control can be obtained. There are essentially two
types of the ideal steady-state flow reactors. The first one is variously known as the plug
flow, the slug flow, the ideal tubular, and the unmixed flow reactor. These are characterised
by the feature that the flow of fluid through the reactor is orderly with no element of fluid
overtaking or mixing with any other element behind or ahead. Actually, there may be some
lateral mixing of fluid in a plug flow reactor; however there must be no mixing or diffusion
along the flow path. The necessary and sufficient condition for plug flow is that the resi-
dence time in the reactor should be the same for all elements of fluid. The second type of
the two ideal steady state flow reactor types is called the mixed reactor. It is also known by
various other terms, the backmix reactor, the ideal stirred tank reactor, or the CFSTR (con-
stant flow stirred tank reactor). As the name suggests, it is a reactor in which the contents
are well stirred and uniform throughout. Thus, the exit stream from this reactor has the
same composition as the fluid within the reactor. The ore industry avidly uses steady-state
flow reactors. The semi-batch reactor is a flexible system, but it is more difficult to analyze
than the other reactor types. It offers a good control of the reaction rate because the reaction
progresses on the reactants are added. Such reactors are used in a variety of applications
extending from laboratory reactors to industrial open-hearth furnaces for the production of
steel.

At this stage of presentation a familiarization is provided for the reader with some repre-
sentative types of reactors which are used for carrying out chemical metallurgical opera-
tions. It is also very much in order to indicate at this stage that later chapters contain ac-
counts of different reactors in different fundamental positions.

By way of an example, one may consider the case of hydrometallurgical reactors. Leach-
ing is the most important of the different unit operations, and is prominently placed and
assigned due emphasis in a typical hydrometallurgical process flowsheet. A representative
list of the various types of reactors used for agitation leaching is given in Table 1.21.

Pyrometallurgy, the dominant process in chemical metallurgy, uses reactor of different
types and designs. In terms of the physical states of the reactants, one generally finds that
the different reactions carried out in pyrometallurgy include principally, gas/liquid, liquid/
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Table 1.21 Reactors for agitation leaching.

Reactor name Description

Pachuca tank The simplest and most inexpensive device for agitating the pulp. Agitation
is achieved by the injection of air under pressure into the bottom of a tall
tank. The rising gas draws the surrounding liquid with it to the surface

Low-speed agitators These are suitable for systems not needing high turbulence. Large-
diameter paddles or rakes may be used to mix slurries containing fine
material

High-speed agitators These are suitable for leaching reactions that are limited by diffusion in the

leach liquor. An agitator of this type requires a propeller or a turbine to
provide high-speed agitation

Agitated autoclaves These systems are used for leaching under conditions of elevated
temperatures and pressures

liquid, gas/solid, and solid/solid reactions. These reactions are implemented in different
types of reactors. The classification of reactors or furnaces may be: batch type, continuous
type, direct heating type, and indirect heating type. Some of the furnaces used in the main
metallurgical operations are: crucible furnace; hearth furnace-open hearth; shaft furnace-
blast furnace; converters—Bessemer, side-blown or top-blown (LD); muffle furnace; soaking
pits; reheating furnaces; and annealing furnace. Among the other types of furnaces men-
tion may be made of rotary kiln-cement kiln; tunnel kiln; boiler furnace; electric furnaces
(three-phase or single-phase, heating done by metallic resistors, or by induction). A broad
classification of furnaces based on various factors is provided in Figure 1.28. It may, how-
ever, be pointed out that the classification of furnaces does not serve such a useful purpose
as classification of the processes that occur in the furnace. Two furnaces may be alike as far
as one process is concerned, but entirely dissimilar from the viewpoint of another process.

It is clear that many of the chemical metallurgy processes must be carried out at high
temperatures. In this respect, it is necessary to be acquainted not only with the process
reactors but also with the methods of heat generation and with the refractories that are
needed in the reactors to cope up with the high temperatures attained.

1.10.3.1 Heat Sources

Thermal energy for use in the industrial sector is usually generated by the combustion of
carbonaceous fuels by air or oxygen or by the conversion of electrical energy. Temperatures
up to a maximum of about 1500 °C, which corresponds to the maximum energy available
due to the breaking of the chemical bonds in the fuel, can be attained during combustion.
When a carbonaceous fuel burns in a process reactor (furnace), heat transfer to the charge
occurs by conduction, convection and radiation. One of these modes is predominant, de-
pending on the design of the reactor. Flue gases constitute one of the products of combus-
tion; they are usually at high temperatures, and it is necessary that their heat is recovered
before release to the atmosphere. This particular aspect is covered in Chapter 7. However,
at this stage it may be pointed out that the amount of air for the combustion of the
carbonaceous fuel has to be determined with great care. If an exactly stoichiometric amount
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of air is used, a fraction of the fuel intended to be burnt inevitably escapes combustion
because of the very nature of the reactor and/or the combustion kinetics. The failure to
utilize this fraction amounts to some heat loss, and a remedial measure that is usually
adopted is to implement the reaction with an excess supply of air. However, the quantity of
excess air must be carefully regulated because the introduction of excess air entails some
heatloss due to the nitrogen contained in it. There must be compromise between the amount
of unutilized fuel saved and the heat lost due to excess air.

Any source of heat energy is termed as fuel. This term embraces all combustible sub-
stances available in bulk which may be subjected to combustion or burning by atmospheric
air in such a way as to render the heat evolved capable of being economically used for
domestic and industrial purposes. The modern concept of fuel is of any chemical or reac-
tant which produces energy in a form that is utilized for producing power is called fuel. The
principal factors taken into account in the selection of a particular type of fuel are: (i) suit-
ability to process, (ii) supply position, and (iii) cost. The economical importance of a fuel
depends upon: (i) its geographical distribution (whether it is distributed in easily accessible
area or not); (i) the cost involved in its tapping and transport; (iii) calorific value of fuel; and
(iv) its combustion or burning quality in air (whether it burns efficiently and without smoke).
It will be useful to record as some important characteristics of a fuel as to be called a good
fuel the following: high calorific value, moderate ignition temperature, low moisture con-
tent, low noncombustible matter content, moderate rate of combustion, combustion prod-
ucts as not to be harmful, available at low cost, associated with ease of handling, storing
and transportation cost, should have easily controllable combustion characteristics, should
not contain spontaneous combustion features on a account of possibility of fire hazards,
storage cost in bulk should be low, should burn in air with efficiency, without much smoke,
the size of solid fuel should be uniform to provide an uniform combustion.

Fuels are of three types: solid, liquid, and gaseous. Each category has been further classi-
fied into natural, manufactured, or by-product. Natural fuels are called primary fuels, while
artificially produced fuels for a purpose or market, together with the products which are
unavoidable by-product of some regular manufacturing process, are called secondary fuels.
The main raw materials for secondary fuel are generally primary fuels. A list of the impor-
tant fuels is shown in Table 1.22.

Some general comments may be made of some of the different types of fuels. The use of
coal has been on the decline, and there has been an increase in petroleum and natural gas

Table 1.22 Classification of fuels.

General Primary fuels Secondary fuels
grouping
Natural Manufactured /by-product
Solid Anthracite coal; bituminous Coke; charcoal; petroleum; coke breeze; semi-coke
coal; lignite; peat; wood (low-temperature coal distillate); pulverized coal
Liquid Petroleum Tar; kerosene; diesel petrol; fuel oil; synthetic; LPG;

gasoline; naphtha; pitch

Gaseous Natural gas Producer gas; coal gas; water gas; oil gas; blast
furnace gas; coke oven gas; oil refinery gas
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consumption. However, they are unlikely to surpass coal as an industrial fuel. Coal is still
by far the major fuel for power generation, and it is essential to the iron and steel industries
for coke manufacture. It has been supplanted to a great measure by liquid fuels for the
generation of motive power by rail roads. It is a major raw material in many chemical
plants as a source of carbon, hydrogen, and their compounds.

The growth of petroleum consumption has been quite substantial as a result of increas-
ing demand for its distillation products. As examples, mention may be made of use of
gasoline as a motor fuel, of light oil for diesel engines, of distillate and residual oils for
industrial and domestic heating.

Natural gas has replaced coal to a great extent for domestic and industrial heating. This is
a consequence of installation of very large pipelines from producing to consuming places,
the rise in solid fuel price, convenience, cleanliness, controllability and versatility as a fuel.
The by-product gaseous fuels, coke oven gas and blast furnace gas are well-known impor-
tant fuel for the ferrous industry, and require no further elaboration.

An important addition to this list of fuels is electric energy which, when viewed as a
source of heat is also identified as fuel. It bears the reputation of the cleanest source of
energy. The advantages and disadvantages of the three types of fuels, solid, liquid, and
gaseous fuels are presented in Tables 1.23 to 1.25, respectively. The main factors that come
under consideration when a fuel or type of fuel is chosen for a particular purpose are pre-
sented in Table 1.26. These serve as useful guidelines.

Large-scale generation of electrical energy is achieved primarily by utilizing the kinetic
energy of falling water (hydroelectric power plants), by burning carbonaceous fuels (ther-
mal power plants) or by fissioning nuclear fuels (nuclear power plants). Each method of
electricity generation has its own merits and demerits. Each, however, supplements or com-
plements the other. There is no competition between the different forms of energy; indi-
vidually and collectively they serve for the common cause for the supply of energy to fulfill
human needs for years to come. The largest share of the electricity produced in most coun-
tries comes from thermal power plants. However, the electricity generated by the burning
of carbonaceous fuels in these plants is rendered expensive because only about 40% of the
total energy available is used, the remainder being lost mainly in the cooling water and the

Table 1.23 Advantages and disadvantages of solid fuels.

Advantages Disadvantages
(1) Easily transportable; (1) High ash content;
(2) Storage convenience, having no (2) Low thermal efficiency;
risk of spontaneous explosion; (3) Burns with clinker formation;
(3) Production cost is low; (4) Combustion operation not controllable easily;
(4) Moderate ignition temperatures; (5) Handling cost high;
(5) Comparatively less sulfur content (6) Calorific value lower than liquid fuels;
and as a consequence leads to (7) Alarge excess of air needed for complete combustion;
reduced atmospheric pollution and (8) Enough storage space needed;
corrosion to equipment; (9) Liable to spontaneous combustion and catch fire
(6) Pulverised with associated during storage;
flexibility of liquid fuels. (10) Deteriorates on storage causing disintegration and

lowering of calorific value.




88

1 Acquaintenance

Table 1.24 Advantages and disadvantages of liquid fuels.

Advantages

Disadvantages

1) Possess higher calorific value per unit mass than solid fuels;
2) Combustion without formation of dust, ash, and clinkers;
3) Firing easier and also fire easily extinguishable by stopping the
fuel supply;
(4) Easy transportation through pipes;
(5) Stored indefinitely, not liable to spontaneous combustion and
deterioration on storage like coal;
6) Less excess furnace space;
7) No wear and tear on furnace parts such as those for solid fuels;
)
)

8) Stored more compactly than solid fuels;

9) For equal heat output, much less space occupancy and much less
weight than solid fuels,

(10) Low sulfur oils are next to gaseous fuels in terms of cleanliness
and controllability;

(11) Usable as internal combustion of fuel.

(1) Costlier than solid fuels;

(2) Requirement of costly
special storage tanks;

(3) Associated with a greater
risk of fire hazards,
particularly true of highly
inflammable and volatile
liquid fuels;

(4) Requirement of efficient
burning, specially
designed burners and
spraying systems for
efficient burning.

Table 1.25 Advantages and disadvantages of gaseous fuels.

Advantages

Disadvantages

(1) Carried easily through pipelines;

(2) Easy to light;

(3) Preheated by the heat of hot waste gases and thereby affording
heat economy;

(4) Combustion controllable respond to changes in demand like
oxidising or reducing atmosphere, flame length, and
temperature;

(5) Ashless burning without any soot (or smoke);

(6) Need no special burners;

(7) Being free from solid and liquid impurities they do not
adversely influence the quality of metal produced, when used
as a metallurgical fuel;

(8) Uniformity of air and fuel mixing results in complete
combustion without pollution.

(1) Very large storage vessels
requirement;

(2) Highly inflammability,
high fire hazards;

(3) More costly as compared to
solid and liquid fuels;

(4) Explosive and poisonous
nature of some fuel gases
(e.g., blast furnace gas,
converter gas etc.),
requirement of careful
handling and utilisation

stack gas and also in the electrical transmission systems. There is a major incentive for
enhancing the efficiency of electricity generation from the combustion of carbonaceous
fuels. Concerted efforts are being made to convert such fuels directly into electrical energy
by using devices such as: (i) fuel cells, where the fuel is oxidized in an electrolytic cell to
produce electric current directly; (ii) gas turbines, where the hot gas produced due to com-
bustion is used directly to generate electric current in a generator, obviating the necessity of
using a boiler; and (iii) magnetohydrodynamic units, in which gases moving at elevated
temperatures in a magnetic field generate electric current. In the list of energy sources,
solar energy figures strongly. The protagonists maintain that solar energy is clean, safe,
free and virtually inexhaustible, and that everyday the sun showers the Earth with several
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Table 1.26 Main factors in the choice of type of fuel
(takes solid, liquid and gaseous fuels into account in the presentation).

1. The type of heating with respect to size or whether continuous or intermittent operation is involved.
In the case of intermittent operation, coal, coke, producer and water gas are obviously unsuited

2. The availability and reliability of supply of fuels in question

3. The price of the fuel delivered to the place where it is needed as some fuels require storage and
feeding equipment, as for example, steam-heated lines are necessary in the cases of some heavy fuel
oil and some coal tar fuels

4. The efficiency of the heating operation with the chosen fuel. A costly fuel with a high efficiency
ultimately is cheaper than a cheap fuel at a poor efficiency

5. The ratio of cost of heating to the cost of finished product. A high-grade, costly fuel needs to be
considered in case the ratio is low

6. The undesirable effect factor of fuel of the finished product quality

7. The availability of adequate storage facility for the fuels should be present

8. The chosen fuel should give rise to smokeless combustions

9. The cleanliness and good hygienic working conditions

thousand times as much energy as is used. Even the small amount of energy that falls on
the roof is many times that which comes in through the electric wires. In less than three
days, the solar energy reaching the Earth more than matches the estimated total output
from all fossil fuels. Solar energy, it is asserted, can be used productively to unravel all
energy problems. A contrasting view is that, although abundant, solar energy is time-vary-
ing and transient. Apart from being available only for about 50% of day, it is also limited by
masks of clouds, air pollutants, geographical spots and seasonal changes, and all these call
for storage systems. Solar energy is an extremely diffuse source of energy, and the main
bottleneck in tapping it lies in converting an erratic, fluctuating energy source into a reli-
able power supply. Large-scale use of solar power at the present time bears the tag of an
expensive proposition and technology must advance in order to solve some of the problems
cited here.

In chemical metallurgy, the methods of electric heating in common use are resistance
heating, induction heating and plasma heating. Resistance heating is used most exten-
sively and is generally implemented by passing an electric current through the charge with
the help of graphite electrodes which may be arranged in different configurations. In the
first arrangement electrodes are placed above the charge which may be a metal in the hEarth
of a furnace. When an arc is struck sufficient heat can be generated to melt the charge. This
arrangement is generally employed for scrap melting and metal refining. An alternative
arrangement of the electrodes can be that they are immersed in the layer of slag located
above the molten bath. The resistance of this slag layer generates the heat required. This
electrode configuration is commonly used during the smelting of ores and concentrates. In
yet a third arrangement the electrodes are placed in contact with a solid charge and the
necessary heat is produced due to the resistivity of the charge. This arrangement is also
used for smelting. In all these arrangements deterioration of the electrodes occurs during
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operation so that they have a limited life and need periodic replacement. When an electric
conductor is subjected to a changing magnetic field an eddy current flows in it and gener-
ates heat; this is the principle of induction heating. The magnetic field is produced by
passing an alternating current of a suitable frequency through a coil. A plasma which is
often referred to as the forth state of matter is essentially comprised of a partially ionized
gas which contains molecules, atoms, ions, electrons and free radicals. A plasma is formed
at very high temperatures. Plasma can be stated as the source of the steady and the highest
continuously controllable temperatures available. In the arc plasma a current (AC or DC) of
several thousands of amperes is passed through a gas space located between two electrodes.
The lower electrode of the arc has a hole drilled in it, and a gas is forced around the upper
electrode and through this hole. During the passage of gas through the arc, the gas is heated
up to the arc temperature and forms a high temperature plasma. A plasma can also be
generated by induction heating; here, heating is accomplished with a radiofrequency in-
duction coil. A starter carbon rod is first positioned in the center of the coil and heated by
induction. After the main discharge is established the rod can be withdrawn. The gas stream
transports the ionized gas away from the induction coil in the form of a plasma flame. An
advantage of such a system is that there is no requirement for electrodes. Plasma heating
has some advantages vis-a-vis heating by more conventional devices. One of these is that
very high temperatures can be attained. The plasma is produced in the form of a jet with an
extremely hot core and very much cooler peripheral regions. Because of this there is no
contact between the hot gases and the container. This is a very advantageous situation in
that the need to use a refractory is eliminated and many problems pertaining to contamina-
tion are avoided. Since more information about plasma as applied to metal extraction ap-
pears in Chapter 4, further elaboration of the subject will not be made at this stage.

Although heating by the combustion of carbonaceous fuels is generally less expensive than
electric heating, the latter offers some advantages. These pertain mainly to cleaner opera-
tion, smaller volumes of gases handled and feasibility of attaining higher temperatures. There
are no combustion gases in an electrically heated reactor. The only gases that may be present
are the air that may leak in and the gases that evolve from the charge. It was mentioned
earlier that the maximum temperature attainable by the combustion of carbonaceous fuels
is around 1500 °C. In contrast, temperatures as high as 2000 °C can be readily obtained in
an electric arc furnace. The use of higher temperatures enhances reaction kinetics. It can
also promote the volatilization and the consequent separation of some unwanted constitu-
ents of the ore which may, at the same time, be valuable by-products. Higher temperatures
can also lead to an enhancement in the fluidity of slags. A good example is the partial re-
duction of ilmenite to produce pig iron and titanium slag. Since no fluxes can be added to
this slag in order that it has a high titanium content, its viscosity is unacceptably high at
temperatures below 1500 °C. This problem of high slag viscosity is circumvented by using
an electric furnace wherein sufficiently high temperatures can be achieved.

1.10.3.1.1 Solid Fuels

The most widely used form of the carbonaceous fuels is perhaps the solid fuel, coal. Though
occurring basically in the solid form, coal can be converted to both liquid and gaseous
forms. In the solid form, coal is basically of two types: charcoal (prepared by carbonization
of wood) and mineral coal (obtained from coal mines). Coal is found on every continent,
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with deposits occurring as far north as the Arctic circle and as far south as Antarctica. Some
coal deposits occur off ocean coastlines, but deep underwater deposits have little value at
this point of time because they are difficult to mine. Those coal deposits that can be mined
profitably are called coal reserves. In most cases, a coal seam must have a minimum speci-
fied thickness for mining engineers to classify it as a reserve.

Wood is a domestic fuel used in tropical countries where forests are abundant and other
fuels are not easily and cheaply available. The main combustible components of wood are
cellulose and lignin, which are compounds of carbon, hydrogen and oxygen. Other minor
combustibles are resin and waxes. Wood charcoal which is called simply charcoal and was
used previously for metallurgical purposes; nowadays it is used almost exclusively for house-
hold purposes. It is the carbonization (destructive distillation, i.e., heating in absence of
air) process of wood at 600 °C by which charcoal is made. In the process, charcoal is the
solid product left after the carbonization of wood, while the hot gases are cooled to separate
wood gas and liquid into two layers. The upper layer of the liquid is pyroligneous acid, and
the lower layer is wood tar. The former is an aqueous solution of acetone, methyl alcohol,
acetone and wood spirit principally. The latter can be subjected to fractionation to extract
many chemicals. The carbonization process is carried out in open pits (old method, now
out of date), kilns or metal retorts. Pits and kilns are installed in forests, and retorts in
factories. Open-pit carbonization involves the burning of wood in large heaps with a re-
stricted supply of air. An inferior quality charcoal with a yield figure of 20% results. The by-
products, gases and liquid, are lost to the atmosphere and cannot be recovered. In the kiln
process, charcoal (of better yield and quality) is the only product as gases and liquid by-
products are not recovered. Carbonization in metal retorts is carried out at a low tempera-
ture of 350 °C and also at a high temperature of 1000-1200 °C. The high-temperature op-
eration is mainly carried out for the production of town gas and chemicals besides, of
course, for charcoal. A very high specific surface area compared to coal, low ash content
and high calorific value may be mentioned as merits of charcoal as a fuel. As demerits, it
may be mentioned that charcoal's mechanical strength is very poor. Hence, it is very easily
crushed in operation to a powder which is easily swept away in currents of gases, and also
it may disturb or prevent the correct flow of gases in the furnace.

Peat is the first stage in the coal formation from wood, and not strictly called a coal. It can
at best be termed as the most immature coal. It has come into being as a result of gradual
decaying of vegetable matter in moist places. A freshly mined peat has rather a high mois-
ture content, and it needs to be air-dried to reduce the moisture content of < 30% before it
can be used. Sun-dried peat having 20% moisture is carbonized (heated in absence of air) to
yield tar, gas and peat charcoal. Producer gas is produced by gasification of peat in the
presence of steam. The requirement for steam is very low in comparison with coal; this is
simply because peat itself has enough moisture content.

The formation of mineral coal is not an instantaneous process, but is an extremely lengthy
one, spread over an extended period. Millions of years ago, when the temperature was
moderate and rainfall was heavy, vegetation was quite thick, especially in the low-lying
areas of the Earth. Coal-forming plants probably grew in swamps, and as the plants died,
their debris gradually formed a thick layer of matter on the swamp floor. Over a prolonged
period, this matter hardened into a substance called peat. The peat deposits became buried
under sand or other mineral matter. As the mineral matter accumulated, some of it turned
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into such rocks as sandstone and shale. The increasing weight of the rock layers and of the
other overlying materials began to transform peat into coal. The various types of coal com-
monly recognized on the basis of the rank or the degree of alternation or caolification are:
(i) peat; (ii) lignite; (iii) bituminous coal; and (iv) anthracite. In this series from peat to
anthracite each member is more mature (higher “rank”) than the preceding one in the
series. Thus, antracites are of higher rank than bituminous and bituminous are of higher
rank than lignite, and so on. Anthracites are the oldest coals in most cases, and lignites the
youngest. The progressive transformation of peat, which was the first stage in the coalification
process of the original vegetative matter, to anthracite resulted in: (i) a decrease in the mois-
ture content, and also in the contents of hydrogen, oxygen and nitrogen, with a correspond-
ing increase in the carbon content; and (ii) an increase in hardness. The highest ranking
anthracites contain about 98% carbon while the lowest-ranking lignites have a carbon con-
tent of only about 30%. Bituminous coals are by far the most plentiful and the most widely
used among the major grades of coals. Anthracites are the least plentiful of the four grades
of coal. The selection of the types of coal for various applications depends on several fac-
tors, and these have been shown representatively in Table 1.27.

The composition of coal is conveyed by representing its proximate and ultimate analysis.
The former implies determination of contents of moisture, volatile matter, fixed carbon,
and ash, while the latter implies total carbon, hydrogen, oxygen, nitrogen, sulfur and ash.
Here, an account will be provided of the constituents of coal, moisture, volatile matter, ash,
fixed carbon, and some miscellaneous components.

A high moisture content of coal is not desirable because: (i) it lowers the calorific value of
the fuel; (ii) it enhances the consumption of coal for heating purposes; (iii) it prolongs the
time of heating; and (iv) it increases the costs of buying and transporting the coal. There
are, however, certain specific cases where moisture is desirable to some extent. Dust re-
mains controlled while handling coal in a wet condition. The moisture decomposes
endothermically, and this causes a reduction in the temperature of the hot coal bed (either
at the time of its burning on the grate or during the production of producer gas). This helps
to reduce fusion and clinker formation, which otherwise would have choked the air pas-
sage. Coal dust charged in the coke oven is sometimes sprayed with water. Apart from
limiting the dust problems during coal charging, this helps to protect methane and other
hydrocarbons present in the coke oven gas from cracking in presence of hot coke and hot
coke oven walls. The endothermic decomposition of moisture leads to a reduction in the
temperature of coke oven gas as well as that of the coke mass, and thereby its fusion (called
graphitization) is eliminated. Moisture always remains in combination with coal, and this
is due to its nature, origin and occurrence. On exposure to the atmosphere, the external
moisture (also called accidental or free moisture) is expelled from wet coal. The apparently
dry coal still holds some moisture which is expelled only on heating above 100 °C. The
inherent moisture in coal is called equilibrium or air-dried or hygroscopic moisture and the
quantity present depends on the mode of occurrence and handling of coal. The air-dried
moisture content of coal lessens with raising rank, from 25% for lignites to a marginal
amount of 0.5% for low volatile (15% volatile matter) bituminous varieties. Beyond the
marginal amount, however, the value rises to about 3% for anthracites. For coals having a
moisture content > 3%, it serves as a useful yardstick of the rank and hence of other quali-
ties indicated by the rank.
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Table 1.27  Factors on selection of coal for different applications.

Factors General description

Calorific This should be high so that a high heat is obtained from a small quality of coal. This
value results in reduction of the cost of storage and also handling.

Moisture This should be low. It reduces the heating value. In monetary terms moisture is
content incurring a loss, since it is paid for at the same rate (by weight) as the coal itself.
Ash content This should be low. It is a noncombustible matter and reduces the heating value of

the coal. The presence of ash (like moisture) increases transporting, handling and
storage costs. It also involves additional cost in ash disposal. The composition of ash
is an important factor since it influences the metal and slag compositions and dictates
the selection of the correct flux in metallurgical operations. Besides this, coal fusion
temperature is important; this is especially so when coal is meant to be used in
boilers. If the constituents of ash are such that there is fusion at the working
temperature then lumps of ash (called clinker) begin to form on the fire-grates, and
this restricts the primary air supply to the fuel. The coal particles of ash may stick to
the boiler tubes, and this may adversely influence heat transfer. Low-melting ash
forms low-melting slag, which penetrates the pores of the refractory lining of the
boiler. Since the coefficients of expansion and contraction of penetrated ash are quite
different from those of refractory lining material, such low-melting slag absorption
may cause considerable problems. From there viewpoints it is desirable that the
fusion temperature of the ash should be 1430 °C.

Size This should be uniform or it facilitates both handling and regulation of the
combustion process.

Coking This is an important factor for coal selection in the production of metallurgical coke.

quality The coals which upon heating in the absence of air, become soft, plastic and fuse

together as large coherent masses, are called caking coals. Consequently, such coals
are difficult to be oxidized. If the residue (coke) obtained after heating is porous, hard,
strong and usable for metallurgical purpose, the original coal is known as coking coal.
Thus, all caking coals are caking, but all caking coals are not essentially coking coals.

Sulfur and Coals should assay low in these harmful impurities as they have adverse effects on the
phosphorus properties of the metal. Moreover, gases produced from sulfur- and phosphorus-
content bearing coals are corrosive to equipment and pollute the atmosphere.

Certain gases such as CO, CO,, CH,, H,, N,, O,, and hydrocarbons exist in the coal and
are expelled during its heating period. These are the volatile matter of the coal, and the coal
with higher volatile matter content ignites easily (it has low ignition temperature), burns
with a long smoky yellowish flame, has a lower calorific value, will provide a greater quan-
tity of coke oven gas when subjected to heating in the absence of air, requires a larger
furnace volume for combustion, and possesses a higher tendency to catching fire when
stored in open space. It may be pointed out that the moisture in coal is not included in the
volatile matter. However coal does contain water that is produced from its the hydrogen
and oxygen content during the decomposition.

Ash is the product of combustion of mineral matters associated with coal. It consists
principally of silica, alumina, and ferric oxide with variable amounts of other oxides such as
Ca0, MgO, and Na,O. A high ash content is in general not desirable. A coal with high ash
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is harder and stronger, has a lower calorific value, and generates a more slag in the blast
furnace when coke prepared from it is used. Coal holds inorganic mineral matters which
are transformed into ash by chemical reactions occurring in the combustion of coal. The
ash and mineral matter of coal are therefore not to be construed as being the same. The ash
content of the coal is reduced by washing. The coal ash may be the source of minor ele-
ments such as germanium. Fly ash produced from coal-based thermal power stations is
useful in many ways, including, in the production of cement, concrete bricks, filling mate-
rial, and light-weight aggregates.

The pure carbon that occurs in coal is fixed carbon, and the higher the content, the greater
the calorific value of the coal. Total carbon implies the fixed carbon plus the carbon present
in the volatile matters (in CO, CO,, CH,, and hydrocarbons). The total carbon content is
thus always higher than the fixed carbon in any coal. A high total carbon-bearing coal will
be characterized by a high calorific value.

Apart from carbon, it is of interest to refer to other elements present in the coal and their
consequences or significances. For example, hydrogen, which is associated with the volatile
matter of the coal, increases its calorific value. In addition, a higher hydrogen-bearing coal
produces a coke oven gas with more NHj; this NH, is recovered as ammonium sulfate that
can be used as a fertilizer. The nitrogen in coal is present up to 1-3%, and stems from the
proteinaceous matter present. The presence of inert nitrogen reduces the calorific value of
the coal. However, upon heating the coal in absence of air, its N, and H, combine to yield NH,
which is in turn recovered as ammonium sulfate. Sulfur, through its presence (mainly as
sulfides) causes an increase in the calorific value of the coal, but confers several undesirable
effects. The oxidation products of sulfur, SO, and SO; (especially in presence of moisture)
cause corrosion of equipment and atmospheric pollution. The presence of sulfur is not at all
desirable in metallurgical coal used in iron and steel making as it adversely influences the
properties of the iron and steel produced. It is responsible for cracking of the steel surface
during hot rolling (hot shortness of steel). As regards oxygen, the less said the better as it
reduces the calorific value of coal. While the mineral matter or ash, hydrogen, nitrogen, sulfur
contents bear no relation to the rank of coal, oxygen and carbon contents have a close rela-
tion to the rank. While the carbon content of coal increases with the increase in rank, the
oxygen content decreases. Like sulfur, another element, phosphorus, is undesirable in
metallurgical coal as it causes cracking of the steel surface during cold rolling (cold shortness).

Coals are classified based on various parameters such as proximate analysis, calorific
value, maturity (rank), ultimate analysis, and caking properties. Coal is a heterogeneous
mixture of organic mass, mineral matters and moisture in uncertain proportions. The or-
ganic mass, being heterogeneous, comprises many microcomponents, and this implies
that coals of the same ultimate analysis do not necessarily have the same properties, while
coals of different compositions may in some respects behave similarly. The amount and
composition of mineral matters in coal varies widely, and this greatly affects the properties
of the entire coal. The quality and quantity of the microcomponents vary from coal to coal.
For these reasons, it has not been possible to evolve universal classification system of coal,
and many coal systems exist. The rank of coal (which is the most important variable in the
nature of coal) is decided by its volatile matter, calorific value and carbon content, singly or
in combination. This classifies the coal broadly into groups such as lignite, bituminous and
anthracite, and these are regarded as satisfactory for most practical purposes.
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Table 1.28 Some salient features of low-temperature carbonization (LTC)and high-temperature

carbonization (HTC).

Low-temperature carbonization

High-temperature carbonization

The process is conducted at 700 °C. It yields semi-

coke, which is popular as a smokeless domestic
fuel. It can at times be used in boiler also to avoid
smoke. Yield of coke oven gas is less, of tar high,
and of ammonia less. Calorific value of coke oven
gas generated is more. The process produces
aliphatic natured tar. Following carbonization the
coke discharging process is difficult as it swells
extensively but does not shrink much upon
carbonization. Free carbon in tar (produced from
the cracking of hydrocarbons) is less; Coke
produced is weaker. Volatile matter in the coke
produced is more. Hydrogen content in the coke
oven gas is less.

The process is implemented at 1000 °C. It yields
metallurgical grade coke which is used widely in
blast furnaces and cupolas. Yield of coke oven
gas is more, of tar less, and of ammonia more.
Calorific value of coke oven gas generated is
less. The process produces the tar which has
more aromatic ring compounds. Following
carbonization, discharging is far more easy as
the final stage of the process is associated with
shrinkage. Free carbon in tar is more; this stems
from more intense cracking of hydrocarbons.
Coke produced is stronger. Volatile matter in the
coke produced is less. Hydrogen content in coke
oven gas is more.

The production of coke involves the heating of coal in the absence of air, called the car-
bonization or destructive distillation of coal. Carbonization, besides its main purpose of
production of coke, also results in a coproduct called coke oven gas from which various
liquid products such as tar, benzol, naphthalene, phenol, and anthracene are separated.
There are two main types of carbonization based on the temperature to which the coal is
heated in the absence of air. One type is low-temperature carbonization (LTC); the other is
high-temperature carbonisation (HTC). Some features of LT'C and HTC are listed in Table
1.28. The LTC Process is mainly carried out to manufacture domestic smokeless fuel. This
presentation, however, concentrates on the HTC process by which metallurgical coke is
produced.

The production of coke from coal is an important activity in the ferrous metallurgical
industries. While coal serves as the principal source for coke, a second source, namely,
heavy petroleum fractions, is especially important for countries which have large petro-
leum resources and lack coal deposits. The properties of metallurgical coke are listed in
Table 1.29.

Not all types of coal can be utilized to produce coke. The coal which first softens and then
solidifies into a strong coke, when heated to a temperature close to its decomposition tem-
perature of about 1000 °C in the absence of air, is coking coal. A coal which is non-coking
yields a powdery char when carbonized in the manner described. Coking coals that contain
not more than 1.25% sulfur and 80% ash, as mined or following coal-washing, are known
for metallurgical uses. Depending upon their volatile matter contents, metallurgical-grade
coking coals are further classified into high-volatile coals (the most common type contains
about 35% volatile matter) and low-volatile coals (contains about 17% volatile matter). A single
type of coal, even if it is of metallurgical grade, is seldom used alone for coke production.
Low-volatile coals swell and tend to damage the walls of the reaction chamber, while the high-
volatile ones yield cokes of inferior physical properties. Therefore, coals are normally used
in blends of composition (e.g., 80% high-volatile coals and 20% medium or low-volatile coals).
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Table 1.29  Properties of metallurgical coke.

Purity It should have moisture, ash, sulfur and phosphorus contents as low as
possible.

Porosity It should be porous as this facilitates oxygen contact with the carbon of coke.
A factor most important for accomplishing complete combustion at a high
rate.

Strength It should be compact, hard and strong to withstand abrasion as well as

overburden pressure in the furnaces.

Size It should neither be too big nor too small. Uniform heating is not obtained
with large size.

Cost It should be cheap and easily available near the plant site so that
transportation cost is low.

Reactivity It should not be too reactive. Reactive cokes do not produce intense heat.

Combustibility It should burn easily.

Reactivity to steam It must be reactive to steam, a requisite if used for water—gas production.

There are two methods for manufacturing metallurgical coke by HTC, and these are
known as the beehive process, and the by-product or the retort process. The beehive proc-
ess involves the use of beehive ovens. The earliest metallurgical cokes were produced in the
now obsolete beehive oven, is shown in Figure 1.29 (A). Coal was charged into the hot oven
through a hole in the roof, and formed a layer. The volatile matter was burnt inside the
chamber by air admitted through the partially bricked-up door, and provided the heat for
carbonization of the coal. When carbonization was complete, the coke was quenched with
water and raked out, leaving the furnace hot enough to start the carbonisation of the next
charge. The merits and demerits of the beehive oven practice is given in Table 1.30.

The by-product process involves essentially by-product coke ovens which can be the waste
heat ovens or regeneration ovens. They are designed to produce coke as well as to recover
the products of carbonisation. The ovens are narrow rectangular refractory chamber. The
ovens are heated from both sides through vertical flues. The necessary heat is produced by
burning gases inside the narrow flue chambers. The ovens are the coking chambers and

Table 1.30 Merits and demerits of beehive oven practice.

Merits Demerits

Produces strong, blocky coke having good reactivity. There is no by-products recovery.
Involves low capital and running costs. Production Yield of coke is lower as a result of partial
process delinks with availability of markets for byproducts. ~ combustion of coal. The process cannot
Allows shut down without any detrimental effects to be used to produce good coke from
refractory. Produces hard coke for foundry. The process is blends of inferior coals. The process
characterized by simplicity. There involves no lacks in flexibility in operation. The
requirements of extra fuel for heating as in by-product process needs a large coking time of

oven practice. about 2-3 days.
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Figure 1.29 Coke production processes. (A) Beehive oven; (B) by-product coke oven.

the flue chambers are the heating chambers. A number of ovens (up to 100) constitute
what is termed a “battery” of ovens in which coking chambers alternate with heating cham-
bers so that, in effect, there is a heating chamber on each side of every coking chamber. The
regenerators for heat exchange between the hot flue gases and combustion air are placed
below the heating and coking chambers. Thus, the three main parts which carry out the by-
product process of coke production are the coking chambers, heating chambers and regen-
erators. The coking coal blend is introduced into the coke oven chambers from the top by
the charging car and continuously leveled. Following completion of the charging operation,
the charging holes are closed. Each pair of ovens, which is separated by a system of vertical
flues, can be heated by producer gas, coke oven gas, or blast furnace gas. Air needed for
combustion is preheated in regenerators. Blast furnace or producer gas, provided for heat-
ing, can also be preheated, but coke oven gas is not preheated as hydrocarbons (mainly
methane) present in it crack, giving rise to deposition of carbon soots on regenerator walls
and adversely influencing heat transfer capacity. Carbon soot may also choke the small-
diameter burners in the heating chambers. Coke oven gas is, therefore, not preheated but
burnt in preheated air. Each heating chamber is provided with two regenerators. While the



98

1 Acquaintenance

waste gas (flue gas) passes through the one set (thereby heating its bricks), the flue gas
(blast furnace gas, producer gas, etc.) and air is heated in the other set before allowing them
to perform their functions in coke production. Flue temperature in the heating chamber is
maintained at about 1200-1300 °C. The carbonization time for a 22-ton coal charge varies
from 16 to 28 h, depending on the width of the oven. The oven walls are made of silica
bricks, the high temperature strength of which ensures a long life and enables the walls to
be constructed thin for a high heat transfer rate through them. At the end of coking, the
doors on both sides of coke ovens are opened and the pushing ram pushes the red-hot coke
into the quenching car. The coke oven wall is tapered from the pusher’s side. The side of
the coke oven where the pusher machine works is known as ram side or pusher side, and
the other side is known as coke side. The ovens are narrower on the ram side, and the taper
is provided to suit the expansion or shrinkage properties of the coal to be coked. During
carbonization the coal swells at first but shrinks as the temperature rises. This exerts some
pressure on the walls and the oven should not be pushed until the coke has shrunk clear of
walls. Hence blending of coal charge is done in order to limit its swelling. The ram pushes
a more or less solid wall of coke from the coking chamber into a larger quencher car and
thence to a central quenching wherein water is sprayed liberally to cool the coke rapidly.
Quenching is carried out so that sufficient heat remains at the center of the coke lumps to
dry excess surface water, such that not more than about 2.5% moisture is contained in the
final product. It is then made ready to use after sizing in crushers and screening. The wet
quenching operation, on account of its being a source of air pollution, has largely been
replaced by a dry method in which cooling is accomplished by recycling an inert gas such
as nitrogen. The dry process also allows the recovery of sensible heat which can be used for
steam generation. The coke obtained by dry quenching is free from moisture, and the gen-
eration of fines which is popularly known as coke breeze is greatly reduced in comparison
with the wet process. A simplified sketch of the Otto Hoffmann by-product oven is shown
in Figure 1.29 (B).

In the context of coke manufacturing processes the recovery aspects of coal chemicals
constitute an important consideration. During carbonization about 20-30% (by weight) of
the initial charge of coal is evolved as mixed gases and vapours which come out of the ovens
and pass into the collecting mains; these are processes to produce coal chemicals. The coke
oven gas contains the fixed gases. These are hydrogen (H,), methane (CH,), ethane (C,H),
carbon monoxide (CO), carbon dioxide (CO,) and illuminants which are essentially un-
saturated hydrocarbons such as ethylene (C,H,), propylene (C;H,), butylene (C,Hy), and
acetylene (C,H,). Also present are hydrogen sulfide (H,S), ammonia (NH;), oxygen (O,),
and nitrogen (N,). Some other substances in the raw gases and vapours leaving the ovens,
which are liquids at ordinary temperatures, include ammonia liquor, tar and light oil.

The coke oven is treated in the by-product plant to recover some important chemicals
from it, after which the coke oven gas is used as gaseous fuel in the furnaces of steel plant.
Coke oven gas is emitted at about 700 °C and is cooled to 80 °C with ammoniacal liquor
(NH,OH) by spraying its goose neck. Here, the tar from the coke oven gas is condensed
and separated in the separator. A further cooling of the gas to about 30 °C is accomplished
in the primary cooler by water, and a further quantity of tar is condensed. The last traces of
tar vapour present in the gas are removed in the next operation, which involves bringing
the cooled gas to the electrostatic tar precipitator. This sends the tar-stripped gas to the
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exhauster, which is essentially a turbo-blower sucking gas from the coke oven and discharg-
ing a high pressure. The gas discharged by the exhauster is reheated at 60 °C and bubbled
through sulfuric acid in the saturator in which the ammonia associated with the coke oven
gas reacts with sulfuric acid and forms ammonium sulfate. The gas from the saturator
passes to final cooler and is cooled to 25 °C by water. The cooled gas is treated with wash oil
in the naphthalene scrubber where naphthalene associated with the coke oven gas is re-
moved along with benzol. The coke oven gas is then separated into three streams. One
stream is passed through a bed made up of mixture of iron dust and saw dust which re-
moves the sulfur compounds of the coke oven gas. The desulfurized gas is used for hot
scarfing of slab in the slabbing mill to remove oxidized surface steel slabs. The second
stream is further treated in another set of electrostatic precipitator called Return Electro-
static Tar Precipitation (RETP). This gas is used for heating the oven battery. The third
stream is used as an admixture to the blast furnace gas for use as a fuel gas in some of the
steel plant furnaces such as reheating furnace soaking pits, thermal power plant boilers,
blast furnaces stoves, foundry ovens, and ladle dries.

To continue with the by-product recovery process, particular reference may be drawn to
the coal tar fuels recovered. Coal tar is a black to brown oily and viscous fluid of character-
istic odour. The fact that tar is a store house of chemicals leads to it being discouraged
directly as a fuel. In order to recover some of the chemicals associated with coal tar it is
subjected to distillation. Typical tar composition: pitch, 64.8%; creosote oil, 28.3%; naph-
thalene, 4.3%; phenol, 0.3%; anthracene, 0.3%; benzol,1%,; other light oil, 0.7%. A flow
diagram of recovery of various chemicals, fractions, yields and boiling ranges from coal tar
distillation is shown in Figure 1.30. It is clear from the figure that the main constituents of
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Figure 1.30 Chemical products from coal tar distillation.
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the light oil fraction are benzol, phenol and naphtha, of the middle (or carbolic oil) fraction
are tar acids, naphthalene, pyridine and heavy naphtha, of heavy (or creosote) oil are im-
pure naphthalene and creosote oil, of anthracene oil are anthracene and wash oil, and of
pitch which is a residue. A sketch of tar distillation plant is shown in Figure 1.31. The crude
tar, before being subjected to distillation, is separated from the ammoniacal liquid fraction;
this prevents corrosion problems in tar stills. In order to reduce corrosion to about 8%,
soda solution is added to the tar, before feeding it to a pipe still. Tar from storage tank is
heated up to 120-140 °C in the first stage of the pipe still. After dehydrating this tar in an
evaporator (first stage) it is brought back to second stage pipe still for heating/dehydrating
up to 380-410 °C (depending upon the quantity of pitch to be produced). From the second
stage of pipe still heater, dehydrated tar is fed to another evaporator, thereby generating a
vapour mixture of various fractions. Superheated steam is fed to the bottom of the second
stage evaporator. Hot pitch is obtained from the bottom of the second stage evaporator, and
anthracene II is drawn from the side. The top temperature is maintained by means of
anthracene I reflux. The vapours of the fractions from the top of the second stage evapora-
tor are fed to the fractionating column. A supply of saturated steam is provided at the
bottom of the column, and anthracene is withdrawn from the bottom of the column. The
other fractions (wash oil, phenol and naphthalene) are taken out through side tappings.
The fractions are taken out from the fractionating column flow to 60-80 °C. Except for
anthracene I, remaining all the fractions are taken to their storage tanks. Coal tar fuels are
the liquid fuels obtained by mixing the different tar distillation products. Although the
different products of tar distillation contain valuable chemicals, the demand for them is
limited and therefore, large amounts of tar are prepared into a series of coal tar fuels (CTF).
There are as many of six types of CTF, such as CTF50 and CTF100, which are mixtures of
carbolic oil, creosote oil and anthracene oil fractions of tar.

Continuing further with the recovery aspects from coke oven gas reference may be drawn
to the recovery of light oil (crude benzol). In a typical process used, the coke oven gas (from
which benzol is to be recovered) after removal of tar, ammonia etc. is passed through the
benzol scrubber where the benzol vapours are scrubbed by wash oil flowing countercur-
rent to the gas. Benzolised wash oil is then pumped to the recovery section where the crude
benzol, absorbed in the wash oil is stripped off by steam. The steam vapour mixture, com-
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Figure 1.31 Tar distillation plant.
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ing from the stripping column is then condensed and liquified. Benzol and water are sepa-
rated in tw layers. Water is drained off and the crude benzol stored for further distillation.
The debenzolized oil coming out from the bottom is cooled and stored for supply to benzol
scrubber. Benzol thus recovered contains the following chemicals: benzene 60-70%, tolu-
ene 15-20%, xylene 5-10%, solvent naphtha, phenol, naphthalene etc. 1-5%. A benzol
distillation plant is subsequently operated in order to recover the chemicals present in benzol.

1.10.3.1.2 Liquid Fuels

Most of the liquid fuels in use today are obtained from crude oil, also called petroleum, a
brownish-green to black colored viscous oil found under the crust of the Earth either on
shore or off shore. This oil either flows out by itself due to underground gas or hydrostatic
pressure, or it is mechanically pumped out. Petroleum almost always occurs along with gas
called natural gas. When the oil well contains both oil and gas it is called a wet well, and
when it contains only gas it is called a dry well.

The principal constituents of petroleum are paraffins (C,H,,,,), naphthenes (C,H,,),
aromatic series of hydrocarbons, and asphaltic compounds. Depending on the nature of
hydrocarbons present, petroleum is classified as: (i) paraffin-base crudes: these have low
asphaltic contents and only traces of sulfur and nitrogen; (ii) mixed-base crudes: these have
a lower content of paraffins and a higher content of naphthenes than the paraffin-base
crudes while the content of asphaltic compounds is higher. The sulfur content is usually
< 0.4% and the paraffin wax content is generally high; (iii) naphthene-base crudes: these
contain a high percentage of naphthenes, very little paraffin wax, and have a relatively high
specific gravity; and (iv) aromatic crudes: these generally have a high content of asphaltic
compounds; the sulfur content varies from 0.1 to 4.13%, and the nitrogen content is rela-
tively high. The petroleum or crude oil is never used as such. The refining of petroleum is
accomplished by three processes: (i) fractional distillation, (ii) cracking, and (iii) treating.

The fractional distillation process is carried out in a fractionating still (its modern version
is also called a topping still). The three most important liquid fuels derived from petroleum
are gasoline or petrol, kerosene, and diesel oil.

The fractionation process yields 20-25% gasoline or petrol, 30-35% intermediate oils
(kerosene, naphtha, diesel and tube oil), and 25-50% residual fuel oils. Of all these frac-
tions, gasoline has the largest demand and the yield figure falls very much short of the
demand. Thus, there arises a necessity to conduct cracking process to produce the gaso-
line. There are two methods of cracking: (i) thermal cracking; and (ii) catalytic cracking.

In the thermal cracking methods, the higher-boiling petroleum fractions like heavy oils
are subjected to high temperature and pressure by which the bigger hydrocarbon mol-
ecules break down to yield lower-boiling lighter fractions:

Cracking
CioHy CsH, + CsHyg
(Decane) (Paraffin)  (Olefine)
(B. pt. 174 °C) « B.pt.36°C -

In the catalytic cracking method, a suitable catalyst such as aluminum silicate or alumina
is used. This provision produces an improved quality and yield of gasoline. This method
has several advantages over the thermal cracking method. Among these, special mention
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may be made of: (i) petrol is obtained in higher yields and is of a better quality; (ii) there is
no need for any external fuel for cracking; (iii) the pressure needed for cracking is much
lower; (iv) the product contains a higher amount of aromatic compounds and hence has
better anti-knock characteristics; (v) the presence of the catalyst leads to the cracking of
more of naphthenic materials than of paraffinic, and this implies that the products result-
ing from catalytic cracking are more paraffinic; and (vi) the catalytically cracked product
contains a very little of the undesirable impurity sulfur, this being due to the fact that a
major part of the sulfur present escapes as hydrogen sulfide gas during cracking. Depend-
ing upon the physical condition of the catalyst bed there are three main processes for cata-
lytic cracking. They are the fixed bed, the moving bed, and the fluidized bed catalytic crack-
ing process. The fixed bed process was first used, but this has now been replaced by the
moving bed and fluidized bed processes.

The coverage on liquid fuels must include an account of the processes for synthesis of
gasoline. The synthesis process is carried out by any one of the following: (i) polymeriza-
tion, (ii) Fischer-Tropsch method; and (iii) Bergius process. The following description re-
lates only to the first of these methods.

The gases obtained as by-products from the cracking of petroleum or other heavier oils
are: (i) olefinic such as ethylene, propene and butanes, and (ii) saturated hydrocarbons or
alkanic such as methane, ethane, propane and butanes. When the gaseous mixture of these
is subjected to high temperature and high pressure, with or without the presence of a cata-
lyst, it polymerizes to form higher hydrocarbons, having semblance of gasoline which goes
by the name, polymer gasoline. The polymerisation can be of two types:

¢ Thermal polymerization, in which polymerization of cracked gases is implemented at
specified temperature and pressure; the product is a mixture of gasoline and gas oil. A
subsequent fractionation process accomplishes separation between the two.

e Catalytic polymerization, which is implemented in presence of a catalyst such as phos-
phoric acid; in this case, lower temperatures are used and the products are gasoline and
unpolymerized gases. The unpolymerized portion is separated and recycled for polym-
erization.

Allin all, gasoline is an important product of the synthetic processes briefly described here.
Some idealities of gasoline may be mentioned as: (i) cheapness and ready availability; (ii)
burns cleanly and no corrosive products on combustion; (iii) knock-resistant; (iv) no easy
pre-ignition production of pre-ignite; and (v) have a high calorific value. The straight-run
gasoline (obtained either from distillation of crude petroleum or by synthesis) contains some
unwelcoming unsaturated straight-chain hydrocarbons and sulfur compounds. It is refined
by a process called “treating”, which encompasses a number of processes each designed to
remove specific impurity associated with the petroleum products. The processes may be
divided under four categories: (i) removal of sulfur (the sweetening process); (ii) removal of
colour; (iii) removal of gum; and (iv) stabilization and gas concentration of gasoline.

Sweetening of petroleum products implies the removal of dissolved free sulfur and its
compounds like hydrogen sulfide, and mercaptans in order that the product has no bad
odour and does not tend to cause corrosion. The removal of these is accomplished by oxida-
tion processes, solvent processes or catalytic desulfurization processes.
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There are generally four oxidation processes:

e Sulfuric acid treatment. In this treatment, oxidation of mercaptans occurs. If alkyl radical
in mercaptans is denoted by R, the reaction can be described as shown below:
RHS + H,SO, — RS - SO, - H + H,0; RHS + RSSO,H — (RS),SO, + H,0; (RS),SO, —
R,S, +SO,;
2 RHS + H,50, —» R,S, +2H,0 + SO,
Thus, mercaptans are converted into disulfides. A large quantity of acid is used in this
type of oxidation.

e The process wherein sodium plumbite is used to remove mercaptans; this is also known
as the Doctor’s treatment:
2 RHS + Na,PbO, — (RS),Pb + 2 NaOH; (RS),Pb + S — R,S, + PbS
Free sulfur is added in the oil if it is not in sufficient quantity.

e Catalytic removal. In this process, lead sulfide serves as the catalyst for the following
reaction when the oil is treated with sodium hydroxide:
2RSH + S + 2 NaOH — R,S, + Na,S + 2 H,0
The overall reaction is like that in the Doctor’s treatment.

¢ Copper sweetening. In this process, cupric chloride is used. The reaction is shown as:
2 RHS + 2 CuCl, — R,S, + 2 CuCl +2 HCI
The cuprous chloride formed is again converted into cupric chloride by exposing to air.

In the oxidation processes described it is clear that sulfur is converted into disulfides. This
does not serve the purpose as the sulfur is still in the oil, though its form has changed. The
octane number is lowered by the presence of sulfur, and the combustion of disulfides leads
to the presence of sulfur dioxide emission via the exhaust pipe. Hence, other methods of
sulfur removal have found preference.

The list of solvent processes for sulfur removal consists of the following:

e Caustic washing. Here, caustic solution 5-15% strength is reacted with liquid gasoline or
gaseous hydrocarbons. This interacts with H,S and lower molecular-weight mercaptans
and they are thus removed.

e Solutizer process. In this process, caustic alkali of 25% strength containing a small amount
of solutizer agent such as potassium isobutyrate is used. This makes the mercaptans
more soluble in caustic solution and easily removable. Solutizer solution is boiled for
regeneration.

e Tannin solutizer process. In this process, alkyl phenols or isobutyric acid is used in com-
bination with tannic acid and caustic solution. The spent tannin solution is again regen-
erated by air blown into the solution.

e Unisol process. In this process, mixture of caustic soda and methanol removes mercaptans
from gasoline.

The catalytic desulfurization method removes all types of sulfur, except for heterocyclic
sulfur compounds. The sulfur compounds are decomposed at high temperature, yielding
H,S and are removed by fractionization. The processes that belong to this category are:
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(i) perco catalytic process — gasoline vapour at 370-400 °C goes through a bed of bauxite
catalyst, whereupon sulfur compounds are converted into H,S. Its further removal occurs
by fractionization; (ii) gray desulfurization process — this process is like the previous proc-
ess, but Fuller’s Earth is used as a catalyst.

Sulfur compounds, high-boiling molecules, nitrogen or gum impart colour to gasoline.
Simply passing gasoline vapours through a bed of Fuller’s Earth, or by subjecting them to
cold sulfuric acid treatment can effectively remove the gasoline colour.

Gum is a dark coloured polymer which is formed by oxidation or polymerization of
diolefines. The gums precipitate on carburettors and also choke intake valves and deposit
on to the cylinder walls of engines. Natural gasoline contains no diolefines, and accord-
ingly gum formation does not occur with its use. However, gasoline obtained from thermal
cracking contains diolefines in large amounts, especially when thermal cracking of the
vapour phase is carried out. In the manufacture of gasoline by catalytic cracking and re-
forming processes, diolefines are cracked and are present in the gasoline only in very small
amounts. Therefore, inhibitors which do not permit the polymerization of diolefines to
occur are added to control gum formation. Newly formed gasoline contains very little gum,
but on standing and keeping gasoline diolefines react together to form more and more
gum. “Potential gum” is the name given to the quantity of gum that will be formed upon
long exposure to air or light. Sulfuric acid treatment removes preformed gum. Potential
gum-forming molecules are not removed, but inhibitors are introduced to retard formation
of gum for several months. These inhibitors are subjected to preferential oxidation and
thereby delay the oxidation process for gum-forming diolefines (those used generally in-
clude butyl amino phenols, benzyl amino phenols, phenylene diamenes, cresols and cresote).
The quantities added, though small, are sufficient to delay gum formation for several months.

Finally, our attention is focused on stabilization and gas concentration. The gasoline
ensuing from fractionating column or from its various cracking processes, or from polym-
erization, etc. contains dissolved gases. The stabilization of gasoline is accomplished by
removing methane, ethane, propane and some of the butanes to obtain a gasoline of the
correct boiling ranging and vapour pressure. The stabilizer used for this purpose consists
of a fractionating column having 40 plates. The introduction of feed is carried out at 27, 24,
21 and 18 plates. The feed contains mostly low-boiling paraffin and hydrocarbons, as well
as small quantities of hydrocarbons up to nonane. The stable gasoline is removed from the
bottom of the fractionating column. The material removed from the top of the column
contains very little isopentane.

In the context of liquid fuels it is important to become familiar with the two terms, “re-
forming” and “knocking”.

The reforming process brings structural modifications in the components of straight-
run gasoline (produced by the fractional distillation of crude oil); the primary objective is to
improve upon its anti-knock characteristics. The process can be either thermal reforming
or catalytic reforming. These are usually carried out in a reactor maintained at 500-600 °C
and at a pressure of 85 atmospheres. The feed stock is straight-run gasoline containing low-
molecular-weight and shorter-chain hydrocarbons, which require drastic conditions. In or-
der to avoid gas formation (at the expense of gasoline), the conditions are controlled by
quenching the products with cold oil spray. The reformed products are subsequently
fractionated for removal of residual gas (stabilizer).
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Catalytic reforming (Pt, 0.75% supported on alumina) is implemented by either a fixed
bed or fluidized bed at 400-530 °C and 35-40 atmospheric pressure to obtain a better
grade and yield of gasolines. The hydrogenation, dehydrocyclization, hydrocracking, and
isomerization are the principal reactions during catalytic reforming process. The hydro-
gen produced in catalytic reforming is used to hydrogenate alkenes, promote cracking of
large alkane molecules (hydrocracking), and eliminate sulfur in the feed stock as H,S
gas.

The fuel in internal combustion engines is a mixture of gasoline vapour and air. The
combustion reaction is initiated by a spark in the cylinder; the flame produced thereby
should spread rapidly and smoothly through the gaseous mixture, causing the expanding
gas to drive the piston down the cylinder. The ratio of the gaseous volume in the cylinder at
the conclusion of the suction stroke to the volume at the conclusion of the compression
stoke of the piston is called the compression ratio. The efficiency of an internal combustion
engine increases with the compression ratio. However, the success in attaining a high com-
pression ratio is dependent on the nature of the constituents present in the gasoline used.
In certain cases, due to the presence of some constituents in the gasoline used, the oxida-
tion rate becomes so powerful that the last portion of the fuel-air mixture becomes ignited
instantaneously, producing an explosive violence, and this is known as “knocking”. The
consequence of knocking is a loss of efficiency, since it ultimately brings the compression
ratio down. This abnormal behaviour causes the cylinder head temperature to rise and may
sometimes damage the cylinder head and the pistons structurally. The causes of knocking
can be ascribed to the characteristics of the fuel and also of the engine (such as design,
mechanical conditions and manner of operation). The knocking tendency of fuels decreases
in following order: straight-chain paraffins > branched-chain paraffins > olefins > cyclo-
paraffins > aromatics. Thus, olefins of the same carbon chain length possess better anti-
knock properties in comparison with the corresponding paraffins. A fuel which yields mini-
mum knocking is decidedly a good quality fuel. The quality of a fuel is determined by its
octane number. An arbitrary scale of octane number has been introduced, with n-heptane
and iso-octane as reference compounds. Iso-octane is considered an ideal fuel and is given
an octane number 100. Heptane causes very bad knocking, and so was given an octane
number zero. The two are mixed in proportions to produce a series of fuels having varying
octane numbers starting from 0 to 100 and such mixtures are treated as standards to com-
pare gasolines with respect to their anti-knock property. A given sample of gasoline is as-
signed an octane number 70, if on compressing it in a standard engine, it starts to knock at
the same compression ratio which causes a mixture of 70 parts of iso-octane and 30 parts of
heptane to generate a knock with the same engine under the same conditions. Nowadays,
gasolines with very high octane ratings are produced and these are used for aviation pur-
poses. The octane number of many poor fuels can be improved by adding such poisonous
substances as tetraethyl lead, (C,H;),Pb (TEL), and diethyl telluride, (C,Hs),Te. The amounts
added are about 0.5 mL™" of motor spirit (or motor fuel) and about 1.0-1.5 mL™ of aviation
fuels. The mode of action of TEL is that it transforms into a cloud of finely divided lead
oxide particles in the cylinder, and these react with any hydrocarbon peroxide molecule
formed, thereby slowing down the chain oxidation reaction and thus reducing the chances
of any early detonation. The engine life can be adversely influenced due to lead oxide depo-
sition, and in order to avoid this a small amount of ethylene dibromide is usually added to
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the petrol. The addition leads to the removal of lead oxide as volatile lead bromide along
with the exhaust gases.

In a diesel engine, the fuel is exploded by heat and pressure, and not by a spark. Diesel
engine fuels consist of longer-chain hydrocarbons and should easily ignite below the com-
pression temperature, with the induction lag being as short as possible. It is essential that
the hydrocarbon molecules in a diesel fuel should be (as far as possible) straight chain
ones, with a minimum admixture of aromatic and side-chain hydrocarbon molecules. A
diesel fuel is rated by its octane number which is the spontaneous ignition temperature of
this particular fuel. The best diesel fuel which has the highest ignition temperature is cetane
(C16Hj34) while that with the lowest spontaneous ignition temperature is o-methylnaphtha-
lene. A mixture of these two yields a standard scale for assessing and expressing the spon-
taneous ignition temperature of a given diesel fuel. A diesel fuel having a cetane number of
40 implies that the spontaneous ignition temperature of the oil is the same as that of a
mixture of 40% cetane and 60% o-methylnaphthalene. An improvement of cetane number
of a diesel fuel can be brought about by adding small amounts of certain pre-ignition dopes
such as acetylene, butadiene, acetone, alkyl nitrates, or methyl alcohol. The most com-
monly used diesel engine fuel is diesel oil or gas oil, which is essentially a fraction obtained
between 250-320 °C during the fractional distillation of crude petroleum. It is the index
number by which a diesel quality is expressed. The diesel index number is equal to cetane
number plus three.

Kerosene is the petroleum fraction obtained between 180-250 °C during the fractionation
of crude oil. Its initial boiling point may vary between 128 °C and 180 °C, while the final
boiling point may range from 235 to 330 °C. Kerosene oil contains paraffins, naphthenes
and aromatics. It is on the relative proportions, the structures, and the boiling ranges of
these hydrocarbons that the chemical and the physical properties of kerosene depend. The
specific gravity of most kerosene oils ranges from 0.775 to 0.80, while their colour ranges
from water white to light green or yellow. The flash points range from 24 °C to 65 °C. A
paraffinic kerosene gives rise to a high flame without smoke, while a kerosene containing a
high percentage of aromatic and naphthenic hydrocarbons producers a much lower flame
before the appearance of smoke. Kerosene oils are very popular for domestic purposes, and
are also used in jet engines. When used in home appliances, it is always vapourized prior to
combustion and, by using an excess of air, it burns with a blue flame without smoke. When
used in jet engines, it is introduced into the combustion chamber, where it is mixed with
vast amount of air and subjected to ignition. A low-sulfur content kerosene is needed for
many duties such as jet engine fuel. A procedure involving washing with alkalies or by the
action of ammonium polysulfide and concentrated sulfuric acid can reduce the sulfur con-
tent as required.

As one more common example of liquid fuels present reference may be drawn to liqui-
fied petroleum gas (LPG) or bottled gas or refinery gas. This fuel is obtained as a by-product
during the cracking of heavy oils or from natural gas. It is dehydrated, desulfurized and
traces of odours organic sulfides (mercaptans) are added in order to identify whether a gas
leak has occurred. Supply of LPG is carried out under pressure in containers under differ-
ent trade names. It consists of hydrocarbons of great volatility such that they can occur in
the gaseous state under atmospheric pressure, but are readily liquifiable under high pres-
sures. The principal constituents of LPG are n-butane, iso-butane, butylene and propane,
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Table 1.31 Some of the advantages of liquified petroleum gas (LPG) over gaseous fuel
and the advantages and disadvantages over gasoline as a motor fuel.

Advantages of LPG over gaseous fuel for Advantages of LPG over Disadvantages of LPG over
domestic application gasoline as motor fuel gasoline as a motor fuel

(1) Characterized by high efficiency and (1) LPG is cheaper than (1) On account of its faint
heating rate, (2) Deployment of well- gasoline, (2) It affords a odour, leakage is not easily
designed, durable and neatly better manifold distribution identified, (2) Handling
made burners ensures smokeless and mixes easily with air, must be under pressurized
combustion, (3) Needs little care for (3) Considerably knock conditions, (3) Suitability
maintenance purpose, (4) Easy control resistant, (4) As a con- under high compression
and flexibility, (5) Easy manipulation, sequence of its burning ratios, (4) Exhibits a low

(6) Portability makes it admirably cleanly, residue and oil octane number and a high
suitable for use in remote areas, contamination is small, load sensitivity, (5) Shows
(7) Freedom from carbon monoxide (5) Crankcase oil dilution is very poor response to
makes it less hazardous. The fire minimal so engine life is blending. Overall LPG
hazards are, however, as much as increased. seems suitable as a fuel for
for any other gaseous fuel. trucks and tractors.

with a little or no propylene and ethane. The largest current use of LPG is as domestic fuel
and industrial fuel. However, there is a trend for use of LPG also as a motor fuel. Some of
its advantages over gaseous fuel, and its advantages and disadvantages over gasoline as a
motor fuel are presented in Table 1.31.

1.10.3.1.3 Gaseous Fuels
Gaseous fuels are combustible in air or oxygen and provide heat for domestic/commercial
use. Freedom from mineral impurities, uniformity in quality, convenience and efficiency
in use are some of the important features of gaseous fuels. On commercial scale, a gas-hand-
ling system is the least costly of all the fuels. The important gaseous fuels are natural gas,
manufactured gases (coal gas, producer gas, water gas, and oil gas), and by-product gases
(blast furnace and coke oven gases). Some of these gaseous fuels will be dealt with here.

Natural gas and petroleum resemble each other closely in respect of their chemical com-
positions and geographic distributions. Both are made up mainly of hydrocarbons. Petro-
leum is rarely free of natural gas, and the same fields usually produce both these fuels. When
natural gas occurs alongwith petroleum in oil wells, it is called wet gas. The wet gas is sub-
jected to treatment for removal of propane, propene, butane, and butene, which are used as
LPG. On the other hand, when the gas is associated with crude oil, it is called dry gas. Some
natural gases contain small amounts of helium. Occasionally, wells are found in which the
gas contains hydrogen sulfide and organic sulfur vapours. Sour gas is defined as a natural
gas which carries in excess of 1.5 grains of hydrogen sulfide or 30 grains of total sulfur per
specified volume. Natural gas is on most accounts an excellent domestic fuel. Pipelines
conveniently convey it over long distances. In addition, it has other important uses; for ex-
ample, it has recently been used for making several chemicals by processes that basically
involve synthesis, and it is also among the standard raw materials for carbon black.

Coal gas is produced when coal is carbonized when coal is heated in the absence of air in
either coke ovens in gas-producing retorts. In the gas-producing retort process, coal is fed
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into closed silica retorts, which are then heated to 1300 °C by burning a mixture of pro-
ducer gas and air. The gas from the retort is fist scrubbed by passing through a hydraulic
main. Much of the tar is then removed by cooling the gas in a condenser. The residual tar
and ammonia present in the gas are removed by scrubbing with water in a scrubber. The
cooled gas is subsquently scrubbed with creosote oil, which dissolves benzol and naphtha-
lene. Next, the gas is freed from hydrogen sulfide by sending it over moist ferric oxide held
in a purifier. Any hydrogen sulfide gas, if present, also is removed

2 Fe(OH); (s) + 3 H,S (g) — Fe,S5 (s) + 6 H,0 (1)

When the iron oxide of the purifier becomes exhausted, it is withdrawn from the purifier
and exposed to air, whence it oxidizes to ferric oxide:

2 Fe,S; (s) +3 O, (g) = 2 Fe,05 (s) + 6 H,S (s)

Coal gas is a colourless gas. It has a characteristic odour is lighter than air, and burns
with a long, smokey flame.

Producer gas is essentially a mixture of carbon monoxide and hydrogen (which are com-
bustible components), associated significantly with nitrogen and carbon dioxide (which are
non-combustible components). This gas is formed by blowing air or a mixture of air and
steam through a hot bed of any solid carbonaceous fuel (coke, anthracite coal, or bitumi-
nous coal). Any fuel having 50% or more of combustible carbon can be used for the produc-
tion of producer gas. The preparation process involves passing air mixed with a little steam
over a red-hot coal or coke bed maintained at about 1100 °C in a refractory-lined steel reac-
tor, known as the gas producer. The reactor is provided with a cup and cone feeder at the
top, a side opening for the producer gas exit, an inlet at the base for admitting air and
steam, and ash exit provision at the base. The gas producer can be divided into four zones:
the ash zone, the combustion zone, the reduction zone, and the distillation zone. The ash
zone is the lowest zone and consists mainly of ash. The ash protects the grate from the
intense heat of combustion. Moreover, the temperature of the air and the steam supplied is
increased as they pass through this zone. The combustion zone is situated next to the ash
zone and is also known as the oxidation zone. The carbon burns here, leading to the forma-
tion of carbon monoxide and carbon dioxide. The temperature of this zone is about 1100 °C.
In the reduction zone, carbon dioxide and steam react with red-hot coke, and free hydrogen
and carbon monoxide are produced. All the reactions involved are endothermic in nature
and the temperature in the zone falls to 1000 °C. If no steam is supplied the temperature of
the producer further rises and this may fuse the ash and refractory lining. In order to over-
come these problems and to produce a richer gas, a little steam, admixed with air, is used.
In practice, a balance between the air and the steam supply is struck so as to maintain a
temperature of about 1000 °C. In the distillation zone (400-800 °C) the incoming coal is
heated by the outgoing gases as the gases transfer their sensible heat to the coal. The heat
provided by the gases and the heat radiated from the combustion zone help to distil the
fuel; thereby, the volatile matter contained in the coal becomes incorporated into the outgo-
ing gases.

Water gas or blue gas is essentially a mixture of combustible gases, carbon monoxide and
hydrogen, associated with small amounts of the noncombustible gases, carbon dioxide and
nitrogen. It is produced by alternatively admitting steam and a little air through a bed of
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Gaseous fuel Natural gas Coal gas Producer gas Water gas
Composition (%) CH, =70-90 H,=4 CO =22-30 H,=51
C,H, =5-10 CH, =32 H,=8-12 CO =41
H,=3 Co=7 N, = 52-55 N, =4
CO +CO, = CH,=2 CO,=3 CO*=4
remainder C,H,=3
N, =4
Co,=1
Rest=4
Calorific value 12,000-14,000 4900 1300 23,800
(kcal m™)
Uses Domestic fuel; Muminant in Heating open Source of
chemical cities and towns; Earth furnaces, hydrogen gas;
manufacture fuel; muffle furnaces, an illuminating

metallurgical retorts; agent; a fuel
operations reducing agent in gas
contributing metallurgical

reducing operations

atmosphere

red-hot coal or coke, maintained at about 900-1000 °C in a reactor which is a steel vessel
lined inside with refractory bricks. The constructional details are essentially the same as
those of the gas producer described earlier. The steam supplied to the reactor reacts with
red-hot coke at 900-1000 °C to form carbon monoxide and hydrogen

C+H,0->CO+H,

The reaction is endothermic, and this brings down the temperature of the coke bed. In
order to raise the temperature of the bed to its original value, the steam supply is temporar-
ily stopped and air is admitted so that exothermic reactions

C+0,-C0,;2C+0,-2CO

occur and as a result the bed temperature shoots up to about 1000 °C. The cycles of steam-
run and air-blow are thus operated alternatively, and in that way the required bed tempera-
ture is maintained. The compositions of the gaseous fuels described here, along with some
of their important uses, have been shown in Table 1.32.

1.10.3.2 Refractories

In a broad sense, a refractory is any material which withstands high temperatures, without
softening or suffering a deformation in shape. It is quite unnecessary to describe the role of
refractories. Most simply and most straightforwardly speaking, the refractories are singu-
larly the most important factor in maintaining any required and desired high temperature.
The principal function of a refractory is to confine heat and, at the same time, to resist the
abrasive and corrosive action of molten metals, slags and gases at high operating tempera-
tures, without undergoing softening or shape distortion. One can ill-afford to undermine
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the role played by refractories. Refractory failures can result in major losses of time, equip-
ment and products, and therefore the problems of obtaining refractories that are best-suited
to each branch of the industry and for each specific purpose are of supreme importance. In
general, it may be said that the most appropriate refractory for a given application is not
necessarily one that would have the longest life, but one which offers the best balance
between initial installation cost and service performance. These balances are constantly
been shifting as a result of the introduction of new processes and/or new refractories.
History records that developments in the area of refractories have been driven by the pres-
sures regenerated by the demanding requirements made by adopting progressively supe-
rior metallurgical processes. The promptness with which formidable refractory problems
(which have surfaced frequently) have been solved can be attributed in large measure to the
rate of advancement of many industries, including the iron and steel industry — which
exemplifies an industry well known for its bulk consumption of refractories of wide and
varied types. In view of the importance of refractories in process metallurgy, some of their
important features, such as their classification, and their physical and chemical character-
istics with special reference to their conditions, will be highlighted here.

1.10.3.2.1 Classification

Refractories may be classified in a number of ways. According to one classification they are
categorized just as oxides and non-oxides. Another classification has been made on the
basis of raw materials and altogether seven groups have been distinguished, namely, sili-
ceous, fireclay, high alumina, magnesium-silicate, magnesia—lime, chromite, and carbon
groups. According to yet another classification refractory substances, in common with com-
pounds in general, can be of three types: acidic, basic, and amphoteric or neutral. This
chemical classification has been shown in Table 1.33, which also includes rarer refracto-
ries. This classification is the oldest of all the different ways in which refractories have been
classified. Theoretically, acidic refractories should not be used in situations where they may
come in contact with basic slags, gases or fumes, while refractories should not be exposed
to non-basic conditions. In practice, these restrictions cannot be adhered to for various
reasons. With the possible exception of carbon, there is perhaps no perfectly natural refrac-
tory. There has also been an attempt to classify refractories in terms of their use, and thus
one encounters such terms as blast furnace refractories, open-hearth refractories, and so
on. Such a categorisation of refractories is generally somewhat diffuse and suffers from the
disadvantage of being liable to frequent revisions. It is thus seen that although there have
been ways in which refractories has been classified, none of these classifications have been
entirely satisfactory. It may, therefore, be in order to adhere to the time-honoured chemical
classification of refractories, at least for the purpose of this text.

There are generally two forms-refractory bricks and granular refractories-in which refrac-
tories are used. The bricks are used in many shapes and sizes in making furnace walls,
hearths, roofs, etc. Granular refractory materials are usually tamped in place and formed in
situ by sintering or burning by the furnace heat. This produces a single piece or monolithic
refractory, in contrast with a jointed refractory formed by laying refractory bricks.

In general, a refractory brick manufacturing process consists of a sequence of opera-
tions. The first step involves grinding, which is carried out in such a way that a properly
sized material is obtained. The next operation is mixing. The object of mixing is not only to
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distribute the coarse and the fine particles evenly but also to incorporate a binding material,
if needed, along with some water. For example, silica has no plasticity and cannot be shaped,
unless some binding material is added. The mixing process is called tempering. Temper-
ing is carried out until a uniform paste is obtained and the mass is sufficiently plastic for
moulding, which may be implemented manually or mechanically. The moulded shape is
dried to remove moisture. The final operation is burning which is carried out in down-
draught kilns or continuous kilns. Burning is carried out in order that vitrification is achieved
and suitable mineral forms are developed. Calcination of carbonates and oxidation of fer-
rous forms takes place during burning. These processes may be accompanied by a signifi-
cant shrinkage in volume which may cause large stresses to be developed in the refractory.
To avoid shrinkage, pre-stabilization of the materials used is carried out. This pre-stabilization
consists of appropriate sizing and pressing.

1.10.3.2.2 Physical and Chemical Characteristics

Itis important to have a general appraisal of the physical and the chemical characteristics of
refractories, bearing in mind their diverse and widely varying applications. The following
text provides a general account of some important characteristics of refractories.

e Refractoriness: This is the ability of a refractory to withstand heat without appreciable sof-
tening under pertinent service conditions. Most of the common refractory materials in in-
dustrial use are hardly ever pure, but are essentially mixtures of several oxide materials and
so do not have sharp melting points but rather have a softening range. It is clear that a material
to be used as a refractory possesses should have a softening temperature much higher than
the operating temperature of the furnace in which it is to be used. A consequence of the
absence of a definite melting point of a refractory material is that it undergoes a more or
less gradual transition from the solid to the liquid state, over an extended temperature range.
The amount of liquid that a refractory can tolerate and still remain in a serviceable condi-
tion is governed by the viscosity of the liquid and the type of crystallization that the solid
phases present undergo. For example, fireclay refractories may partially liquify and actually
start softening at a temperature as low as 950 °C; however, due to high viscosity of the lig-
uid, their limiting service temperatures may be several hundred degrees higher.

e Strength or refractoriness under load: Refractories invariably have to confront varying
load of the products under production at high temperatures. It is, therefore, necessary that
refractory materials have adequate mechanical strength, at the operating temperatures so
as to withstand load without giving way. Fireclay for instance, may soften gradually over a
range of temperature, but may yield under appreciable loading at temperatures far less
than their fusion temperature range. Some other refractories, for example silica bricks,
soften over a relatively narrow range of temperature but are possessed with good load-
bearing features up to temperatures close to their fusion point.

¢ Chemical inertness: This attribute implies immunity of a given refractory in a given
application to any sort of chemical reaction. It should not, for instance, form fusible prod-
ucts with slags, fuel ashes and furnace gases. The condition inside most furnaces is usually
either acidic or basic, and on this basis an acid refractory is prohibited from coming into
physical contact with alkaline materials, or vice versa.
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® Price: The refractory must be a cheap commodity. It must, however, be appreciated that
it is not the initial cost that is important, but the cost per unit weight of material treated. A
refractory material may be costlier than another but if it has a longer life, it may turn out to
be cheaper in the long run than the refractory with a lower initial cost. In the ultimate
analysis it is the overall cost of the refractory that decides the choice in its favour or other-
wise for a particular installation.

¢ Dimensional stability: This property is recognized as the resistance offered by a refrac-
tory to the volume change which may occur on its prolonged use at high temperatures.
Such dimensional changes may be irreversible or reversible. Irreversible changes may lead
to either in contraction or in expansion of a refractory. The contraction is the result of
formation of progressively amounts of liquefaction of the low fusible components of the
refractory, when held at a high temperature over a long period. This carries significant
vitrification and shrinkage. The pores of the refractory body are gradually filled by the lig-
uid (fireclay bricks typically display such a behaviour). The contraction of a refractory can
also be the consequence of the transformation of its one crystalline form into another which
is, of course, a denser form. In magnesite bricks, an amorphous form of MgO (which has a
specific gravity of 2.05), is gradually changed to a denser (specific gravity 3.54) crystalline
form, periclase. This accounts for a natural contraction of the refractory. On the other hand,
the transformation of quartzite (specific gravity 2.65) in silica bricks to tridymite (sp. gr.
2.26) and to crystobalite (sp. gr. 2.32) at high service temperatures results in a considerable
increase in volume. The permanent expansion of silica bricks in service is accounted from
this phenomenon of transformation attended by density changes to higher sides.

e Thermal expansion: It is necessary that furnace designs provide for the necessary allow-
ances of thermal expansion in view of the fact that practically all solids expand when heated,
and shrink when cooled. The changes affects all dimensions (length, area, and volume) of
a body. It is necessary for a refractory material to have the least possible thermal expansion
as furnace capacity decreases as a result of expansion. Moreover, repeated expansion and
shrinkage during the periods of heating and cooling, can be detrimental to the structural
integrity of the refractory in the installation.

¢ Thermal conductivity and heat capacity: In practical applications, refractory materials
processing high thermal capacity as well as low thermal conductivity are required, depend-
ing upon (of course) the functional requirements. In most situations, a refractory that serves
as a furnace wall should have a low thermal conductivity in order to retain as much as heat
as possible. However, a refractory used in the construction of the walls of mulffles or retorts
or coke ovens should have a high thermal conductivity in order to transmit as much heat as
possible to the interior. The charge remains separated from flame in these specific exam-
ples of installations.

The heat transferred or conducted by a refractory at a rate Q is given by the relationship:

(-T)A

S k.
2 AX

where the temperatures on the hotter and the colder surfaces are T; and T, respectively, the
area of the refractory is A, and its thickness is AX, and K is its thermal conductivity. From
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this relationship it follows that if the refractory wall is made thicker, the heat loss will be
decreased. Alternatively, if the refractory brick is backed by an insulating layer, the same
result ensues. These provisions tend to cause the refractory material to be at a higher aver-
age temperature. The increased temperature tends to soften the refractory and to enhance
the chemical attack on it. In this scenario, a choice must be made between increased heat
savings and a reduction in the life of the refractory material. This particular problem has
drawn considerable attention in the design of open-hearth furnaces for steel making. The
question of insulating the roofs of these furnaces has been the subject of a great deal of
deliberation.

The high thermal conductivities of metals such as iron or copper make them very useful
materials in some particular applications. These metals are cooled by a circulating current
of water (air in some cases) and thus are maintained at a relatively low temperature. The
hearths of arc and electron beam melting furnaces are constructed exclusively of copper,
invariably with a provision retained for water cooling. The cooling effect results in the for-
mation of a skin of solidified metal being melted in these furnaces. In essence, the metal
melts in the crucible formed of the metal itself, thereby eliminating completely any con-
tamination from any refractory, if used. Nonmetallic refractories that are exposed to very
high temperatures are often cooled by incorporating hollow wedges or plates in the refrac-
tory wall and by circulating water through these. Most nonferrous blast furnace walls are
made entirely of hollow metal water jackets.

The porosity of refractory bricks has a direct bearing on the thermal conductivity. The
densest and the least porous bricks have the highest thermal conductivity owing to the
absence of air voids. On the other hand, in porous bricks the entrapped air in the pores acts
as a nonconducting material.

The heat capacity of a furnace unit at a given temperature depends on bulk density, spe-
cific heat and thermal conductivity of the refractory. The heat capacity and thermal conduc-
tivity of a refractory increase with increasing bulk density, and decrease with increasing
porosity. A refractory with a high bulk density and a high thermal conductivity is desirable
from the point of view of certain applications. With refractories used for heat storage and
transmission, such as checker bricks, no conflict between properties arises, since high den-
sity is a desirable criterion both for stability and for increased heat storage and conductivity.

¢ Porosity and permeability: All normally produced refractories possess a certain amount
of voids, their amount, size and continuity of which influence the behaviour of the refrac-
tory. The apparent porosity indicates the percent of the total volume which is open pore
space, and provides a measure of the surface area available interaction with slags and gases.
The total porosity is the percentage of the total void volume which is equal to the total
volume of all the pores, whether open or closed. The apparent porosity can be slightly less
than the total porosity or can be twice as less depending upon the nature of the material, the
manufacturing method and the degree of firing. Increasing porosity counter-productively
influences the cold strength, the resistance to attacks deformation under hot loading, the
heat capacity, the thermal conductivity, and the resistance to slags and gases. As a general
rule, it can be gainful in performance from refractories having the least possible porosity.

Porosity bears but little connection to permeability. The permeability is a measure of the
rate of diffusion of liquids and gases through the refractory. It is understandable that the
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process of diffusion is governed by the size and the number of connected pores or channels
which are continuous from one side of the refractory to the other. Permeability to liquids
increases with increasing temperature. In the case of gases, however, the opposite is true
since the viscosities of gases increase at higher temperatures unlike those for liquids for
which viscosities decrease with increase of temperature.

¢ Bulk density and true specific gravity: Like porosity, the bulk density of refractories is
utilized as an indication of the voids to solids ratio, and is meaningful in this sense only
with reference to the true specific gravity of the refractory. Thus, the bulk density of chromite
bricks having a true specific gravity of 4, but a porosity of 25% is still much greater than
that of dense fireclay bricks whose porosity is 10%, but whose true specific gravity is only
2.6. Expressed as the mass of the refractory material in a given volume (g mm™), an in-
crease in the bulk density of a given refractory improves a number of its qualities, as for
instance, the strength, the volume, the stability, the heat capacity, and the resistance to slag
penetration.

The true specific gravity of a fired refractory may differ from that obtained by the raw
materials from which it is prepared. This is a consequence of the transformation of the
mineral constituents during firing. As an example, it may once again be mentioned here
that quartzite, with a specific gravity of 2.65, transforms on heating first to tridymite, with
a specific gravity of 2.26 and then on further heating to crystobalite, with a specific gravity
of 2.32. The resultant specific gravity of fired silica bricks reflects the extent of conventions
or transformation. It is a most dependable test for the correctness of the firing procedure.
As another example, mention may be made of the transformation of kyanite to mullite.

¢ Resistance to thermal shock (spalling): One of the major causes of deterioration of a
refractory is spalling, which is the breaking away of pieces of the refractory from the hot
face, thus baring fresh surfaces. There are three types of spalling: thermal, structural, and
mechanical. Thermal spalling is due to too rapid an expansion or contraction of the hot face
of the refractory consequent to sudden temperature changes, which leads to the develop-
ment of internal stresses and strains. Structural spalling is due to changes in the hot face
brought about by flux absorption or vitrification; this may lead to the formation of the brick
which differ in expansion and insensitivity to thermal shock from the original brick or
contraction may result, so that separation of pieces takes place. Mechanical spalling is due
to mechanical abuse, as in removal slag collections from refractory surfaces.

Thermal expansion characteristics, elasticity (implying thereby the ability to yield to stress
without rupture), and strength are among the most important properties of refractories
which influence their resistance to spalling.

¢ Resistance to abrasion or erosion: For a refractory to last longer, it is desirable that it does
not become extensively abraded by the descending hard charge, the flue gases ascending to
escape at great speeds, the particles of carbon or grit, etc. The resistance of a refractory to
abrasion and erosion is primarily a function of its strength. Since strength is governed by
the degree of burn, some correlation also exists between abrasion loss and porosity and
bulk density. Resistance to erosion is of paramount importance for such constructions as
by-product coke oven walls, linings of the discharge end of rotary kilns, and many other
areas with similar functional requirements.
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e Electrical conductivity: The electrical conductivity of refractories is important when they
are used in electric furnaces. Except for graphite and metals, all other refractories are poor
conductors of electricity. Graphite is a highly refractory material, and is used for electrodes
and furnace linings in all high-temperature electric furnaces. Metals are not important as
refractories in electric furnaces, but copper wires or busbars, for example, are utilized to
carry current to the graphite electrodes.
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2
Mineral Processing

2.1
Introduction

Mineral processing may be comprehensively described as the physical or chemical process-
ing methods or their combinations, which may or may not lead to changes in the physical
and/or chemical properties of a mined mineral resource, and which ultimately result in the
production of a processed mineral product that can either be ready for use or be better
suited for further processing. Mineral processing operations can be grouped into front-end
and back-end operations as shown in Figure 2.1. The front-end operations essentially com-
prise processes leading to material severance and the back-end operations, to separation of
the severed material into two parts — one that is valuable (called the concentrate), and the
other that is not (called the tailings). Since most of the mineral processing operations are
conducted wet, dewatering forms very much an integral part of the whole scheme. The
content of the present chapter consists primarily of the two cited ends which best describe
or convey quite succinctly all the essential ingredients that make mineral processing a sub-
ject in its own right.

The need for mineral processing is not at all difficult to comprehend. There is virtually
no mineral in the mined condition that is suitable for immediate application for chemical
treatment to a final product; rather it needs some sort of physical processing. There are a
number of reasons for this. Particle size control is one. Second, there often arises a need to
expose a constituent mineral for subsequent processing. This task is performed by com-
minution. Exposure of valuable mineral is a necessity for the purposes of leaching. Ad-
equate liberation of the constituent minerals from each other is clearly a prerequisite for
obtaining a separation between them. A third reason can be to control composition, whereby
the aim is to get rid of the material that will be detrimental to subsequent chemical process-
ing, as for example, in smelting. As a typical example in this context, mention may be
made of the production of a concentrate, containing the bulk of the valuable mineral, with
the removal of gangue minerals. These introductory points are amply elaborated in the
following text.

Chemical Metallurgy: Principles and Practice. Chiranjib Kumar Gupta
Copyright © 2003 WILEY-VCH Verlag GmbH & Co. KGaA, Weinheim
ISBN: 3-527-30376-6
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As mined ore

Crushing
Oversize \
Screening
Front - end
,lUndersize operation
Grinding
Oversize s
Classification
Undersize
Input or feed stream

Back - end
operation

Separation

Valuable mineral Waste or gangue
product (concentrate) material (tailings)
Dewatering
Final concentrate Figure 2.1 Sequence in mineral
_Y for shipment processing flowsheet.

2.2
Particles

Mineral processing works mainly with finely divided or particulate materials. A particleis a
discrete unit of matter which is a useful working unit. The word particle, in its most gen-
eral sense, refers to any object having definite physical boundaries, without any limit with
respect to size. The characteristics of a set of particles can be obtained, to a large extent, in
terms of those of the individual particle. Individual solid particles are characterized by their
density, shape, and size. Particles of homogeneous solids have the same density as the bulk
material. Particles derived from breaking up a composite solid, as for example, a metal-
bearing ore, have various densities, commonly different from the density of the bulk mate-
rial. Shape and size are easily specified for regular particles; such examples are spheres and
cubes. However, the distinction between the terms “shape” and “size” are less clear-cut for
irregular particles, as for example, sand grains or mica flakes and an arbitrary definition
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must apply in these instances. It must be appreciated that the study of particle characteris-
tics bears considerable significance, and this stems from the fact that all separators employ
differences in particle characteristics to influence a separation. Particles are characterized
by such parameters as their shape, size, size distribution, and surface area. Particle shape
characteristics can be considered independently of size (though there are linkages in com-
minution), but particle size is intimately related to surface area. This presumably accounts
for presenting in sequence first shape, then size, and then surface. It may be mentioned
however that because there is available a voluminous body of open literature on particle
shape, size and surface, it is only possible herein to outline some principal features of the
subject. In particular, the measurement of particle size and surface is regarded as subject in
its own right, and readers are directed to appropriate references, a listing of which is pro-
vided at the end of the chapter. However, this chapter does provide descriptions of some
methods which may be taken as illustrative and indicative examples of the wide diversity of
available and known measurement methods.

2.2.1
Particle Shape

The shape of an object is a descriptor of the outline of its external surface only. Thus the
shape of an object is a property that reflects the recognized pattern of relationships among
all the points that constitute its external surface. The difference between the shapes of two
objects arises from the differences between the patterns of relationships among these point
coordinates corresponding to the two shapes. While the size of an object, for example a
material particle, is an indicator of the quantity of matter contained in it, its shape is con-
cerned with the pattern according to which this quantity of matter is assembled together.
Shape is an intrinsic rather than an extrinsic characteristic in that it is not additive.

The importance of particle shape can be emphasized by providing some examples. Inks,
paints and cosmetics with flaky particles contained therein have better covering power and
optical properties than those containing round particles. Granular particles are required for
reinforcement of rubber. This is so because if the particles are elongated, they tend to form
a grain pattern which may tear the rubber preferentially in the direction in which the parti-
cles have aligned. Plastics, however, prefer elongated reinforcements such as fibers over
granular shapes, this being due to the fact that plastics need high impact strength and not
high tensile strength. The explosives industry welcomes smooth spherical grains as irregu-
lar particles make the initiators chemically unstable, especially if they have sharp edges and
corners. The abrasives industry calls for highly angular grains and not flat particles; this is
because flat particles have a tendency to slide rather than roll and hence have a low chance
of providing their sharp features to the surface to be abraded. Particle shape exerts a marked
control on the packing characteristics of mineral powders in bins and hoppers. It is, there-
fore, important to have a knowledge of the size reduction conditions which will give rise to
the various desired shapes to meet the requirements of different specific application areas.

2.2.1.1  Shape Factor
The shape of an individual particle is expressed in terms of a shape factor, f. This is inde-
pendent of particle size, and bears connection with the major defining dimension of a
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particle. May a reference be drawn to a length of an arbitrarily chosen dimension, d,, and
may this be identified as the diameter of a particle. May the length of a side of a cube and of
a diameter of a sphere be chosen to explain the matters pertaining to dimensions. Accord-
ing to the choice being taken into account presently the volume and the surface of the cube
are d; and 6 dlz, ; those of the sphere are (7/06) d; and m df, . For both shapes (cubical and
spherical) the ratio of surface to volume is 6/d, .

The volume (V}) of a particle of any shape can be generally expressed as:

V.

3
p =ady

and the surface (surface area, S) generally as:
_ 2
Sp =6bd;

where a and b are geometric constants. These constants are dependent only on the particle
shape. The ratio of volume (V) to surface (S,) is derived from the above equations.

Vp dp _dp

S, 6(b/a) 6f

where the ratio of the constants (b/a) represents the shape factor (f]. The shape factor f is
unity for cubes, spheres, and cylinders for which the diameter equals the length. Irregu-
larly shaped particles have f greater than unity. It is found to be between 1.5 and 1.7 for
many severed substances. Commercial tower packings are so constructed as to have high
surface-to-volume ratios, and f for such particles is large (in the range of 3 to 5). Two gen-
eral statements are worth recording as general but practically important issues in the present
context of shape factor: (i) when the dimensions of a particle are approximately the same in
all the three dimensions the shape factor has a minimum value; and (ii) when the shape is
either flattened or elongated, the shape factor increases.

2.2.1.2 Qualitative and Quantitative Definitions

Particle shapes influence properties such as surface area, bulk density, flow, and so on. A
number of methods are available for describing shape; from simpler qualitative descrip-
tions, through property ratios, to techniques that employ fast Fourier transformations to
describe the projected perimeter of the particle. The measurement of the shape and the
relevance of the data obtained are generally the two difficulties associated with particle
shape. Fortunately, in the processing of materials physically unlike those in chemical process-
ing, shape is perhaps is less significant and is more often than not inherently accounted for
in the nominal diameter.

Some of the common terms used for defining or describing particle shapes in a qualita-
tive way are presented in Table 2.1. It is by now quite clear that particle shape cannot be very
precisely defined. However, it is fortunate that mineral particles occur in a variety of gener-
ally simple shapes; some are acicular, several are plate-like, most are convex, others are
mildly concave, and in this manner a phraseological descriptive list is built for the different
shapes that are formed or produced or generally encountered of powders of fragments of
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Table 2.1 Some terms used to describe the shape of particles (qualitative definition).

Terms Description

Acicular needle-shaped

Flaky plate-like

Modular having a rounded irregular shape

Granular having approximately equidimensional but irregular shape
Spherical globule-shaped

Dendritic having a branched crystalline shape

Irregular non-symmetrical or lacking any symmetry

Angular sharp-edged or having roughly polyhedral shape

Fibrous regularly or irregularly thread-like

Crystalline of geometric shape, freely grown and developed in a fluid medium

materials. The behaviour of these particles in fluids depends considerably on the specific
surface area between the solid and the fluid, and this in turn depends on factors such as: (i)
the amount of solids and the size distribution of these solid particles in the fluids; (ii) the
densities of the particles; and (iii) the shapes of the particles. As an example mention may
be made of particles of fine grained ferrosilicon. These are frequently used to form the
heavy media used in industry to separate minerals according to their densities. Alterations
in the shape of the ferrosilicon particles can markedly change the viscosity of a dense me-
dium and can thus seriously influence the efficiency of an intended separation. A presenta-
tion of classification of the methods of particle shape assessment is given in Figure 2.2.

While the shape factor, introduced in the previous section, provides a quantitative defini-
tion or description of particle shape, there are other descriptors such as flakiness ratio,
flakiness index, elongation index and angularity number which are also found to be in
vogue.

The particle shape is related to the measured distance between tangents parallel to the
outline of the particle. For a particle of any shape, three dimensions, namely, thickness (t),
breadth (b), and length (I) may be considered. The thickness is given by the minimum
distance between two planes tangential to the opposite surfaces of the particle and parallel
to each other. The breadth is taken to be the minimum separation between two parallel
planes that are normal to the planes defining the thickness. Finally, the length denotes the
distance between two parallel planes which are perpendicular to the sets of planes defining
thickness and breadth and which touch opposite surfaces of the particle tangentially. From
the measured values of t, b and I, two ratios, which give an idea of the shape of the particle,
can be obtained: elongation ratio (I/b), and flakiness ratio (b/t).

Aggregates are categorized as flaky when they possess a thickness (smallest dimension)
of less than 0.6 of their nominal size as determined by two confining square screen open-
ings. From a given screened size fraction of mass m, the mass fraction m, which clears
through a slot screen of special design is obtained. Then the flakiness index is given by
100 m,/m_ 1t is thus seen that the term flakiness ratio, which is applied for an individual
particle, is replaced by the term flakiness index when aggregates are considered. This index
is of considerable relevance in choosing aggregates for road construction.

Aggregates are categorized as elongated when they possess a length which exceeds 1.8
times their nominal size (largest dimension). From a given sized square mesh fraction of
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Figure 2.2 Classification of the methods of particple shape assessment.

mass m,, the mass proportion m, is found for which the longest particle dimension clears
between appropriate stages in an apparatus of special design. Then the elongation index is
100 m,/m,. In this case, the term elongation ratio used for an individual particle may be
said to have changed to the term, elongation index when it pertains to aggregates. There
exists a relationship between the elongation and the flakiness indices. However, the elonga-
tion index is rarely indicated and it is only the flakiness index that is generally specified.

Angularity, i.e., the absence of rounding of particles in an aggregate, influences the ease
of handling mixtures with binders and is meaningful in abrasive cutting. It is determined
from the proportion of voids in a sample of the aggregate when it is subjected to a standard
system of tamping in a standard dimensioned cylinder. The values of angularity vary, rang-
ing from zero for a rounded shape to as much as 12 for an angular product, with the most
commonly encountered values lying between 6 and 9.

2.2.2
Particle Size

The topic on particle size may be presented with an interesting example of a cigarette packet
and a scale. The task assigned is to find its size. There goes the ready reply; the packet is
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25 x 15 x 5 mm. It would not be correct to say “the packet is 25 mm” since this dimension
represents only one aspect of its size. It is really impossible to specify the size of a three-
dimensional object like the packet in the present example by just one number. Obviously,
the situation is more difficult for a complex shape like a grain of sand or pigment particle in
a can of paint. A quality assurance manager would prefer to have one number only to
describe the particles. He or she needs to know if the average size has increased or de-
creased since the last production operation, for example. This forms the basic problem of
size analysis in that one number cannot describe a three-dimensional object.

Any equidimensional particle may commonly be specified by “diameters”. Nonequi-
dimensional particles, or in other words, those which are longer in one direction than in
others, are commonly characterized by the second longest major dimension. For needle-
like particles, for instance, d;, would represent the thickness of the particles, not length.

Another method of describing particle size is in terms of “equivalent diameter” or the
“equivalent sphere” d,, ., which is the diameter of a sphere possessing the same ratio of
surface to volume as the actual particle. Thus, from the equation, V,/S,=d,/6 f, the equiva-
lent diameter (d,, ) is

The size of an individual particle having a regular geometric figure can be described
quite conveniently. There is only one shape that can be described by one unique number,
and that is the sphere. If one has a 20 p sphere, this describes the object exactly, but the
same be said cannot for a cube, where 20 1 may refer to an edge or to a diagonal. In the
example taken of the cigarette packet, there are a number of its properties that can be
described by one number. For instance, its weight can be expressed as a single unique
number; the same is true of its volume and its surface area. So if one has a technique that
measures the weight of the cigarette packet, one can then convert this weight into the weight
of a sphere and, remembering that the weight is given by 4 1 p, (where p is the density of
the packet), one can calculate a unique number (2 r) for the diameter of the sphere of the
same weight as the cigarette packet. This is the equivalent sphere theory. Some property of
the particle in question is measured, and assumes that this refers to a sphere and proceeds
to derive a unique number (diameter of this sphere) to describe the particle. This ensures
that it is quite unnecessary to describe three-dimensional particles by three or more num-
bers, a procedure which, although doubtlessly more accurate, is not convenient for man-
agement purposes.

Particle sizes are conventionally described in different units depending on the size range
involved. Coarse particles are measured in inches or centimeters; fine ones, in terms of
sieve size; very fine ones in microns or millimicrons. The sizes of ultrafine particles are
sometimes specified in terms of their surface per unit mass, this being commonly expressed
in square meters per gram.

2.2.2.1 Particle Size Measurement
The methods by which particle size determination is carried out have been presented in
Figure 2.3. The methods are observed to be broadly classified into two groups: static meth-
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Figure 2.3 Classification of the methods of particple size analysis.

ods; and dynamic methods. The static methods as compared with the dynamic methods
are seen to be fewer in number.

The static methods simply imply that they are fundamentally static and are essentially
observational in character. An extremely popular method to metallurgists, microscopy, may
be cited as one of the leading examples of static methods.

It is an excellent technique and constitutes the only method in which the individual par-
ticles are directly observed and measured. It also provides the analyst with information
regarding the shapes and the sizes of the particles being examined. The microscopy tech-
niques involve the sizing of particles by direct measurement of their enlarged images.
Whether a scale is used in the ocular of a microscope or a photograph is taken, enlarged,
and the measurements are carried out on it, a preselected dimension of the particle is
measured and the particle is assigned that size. A difficult problem in microscopic sizing is
the decision as to what is to be measured as the diameter of a particle which has an irregu-
lar shape. The image of a particle seen in a microscope is two-dimensional. From this
image an estimate of particle size has to be made. With reference to the image, the different
diameters used can be divided into two groups: the physical diameters, and the statistical
diameters. The area diameter, the average diameter and the perimeter diameter belong to
the category of physical diameters. The area diameter represents the particle’s diameter as
that of a circle whose area equals the projected area of the image of the particle. The average
diameter is the average of the maximum and the minimum linear dimensions of the parti-
cle. The perimeter diameter represents the particle’s diameter as that of a circle whose
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circumference is equal to the perimeter of the projected image of the particle. Martin’s
diameter and Feret’s diameter belong to the category of statistical diameters. The former is
the length of the line, measured parallel to a fixed direction, that bisects the projected area
of the particle into two equal parts, and the latter is the distance between two tangents on
opposite sides of the particle, perpendicular to a fixed direction. The principal tools used in
microscopy are the light microscope, the transmission electron microscope, and the scan-
ning electron microscope.

In a light microscope, the particle must be magnified to a size at least as large as the
resolving power of the unaided human eye. The resolving power of microscope equals 1/d,
with

052
n sin®

d

where A is the light wave length, 0 is the angle subtended at the lens, and p is the refractive
index of the medium between the lens and the object being examined. The quantity, n sin6,
is called the numerical aperture. Substitution of typical values in the expression for d leads
to a d value of nearly 0.5 um. Since the resolving power of the human eye is about 200 um,
it is obviously mandatory to magnify the object to a level at which the human eye can
resolve the image formed. This means that the magnification required is around 200/0.5 or
about 400 x. While all these go as general guiding principles of microscopic examination, it
may be mentioned that even the best quality instruments are restricted by many limitations
to particles larger than about 0.5 um. The use of ultraviolet light or phase-contrast attach-
ments may extend this limit down to the neighbourhood of 0.2 um.

The dynamic methods involve the placement of particles to be measured in an environ-
ment which is subsequently disturbed. The members belonging to the particle set react
differently to these imposed environmental impulses. These different reactions are observed
and therefrom deductions are made as regards the size characteristics. As examples of
dynamic methods mention may be made of sieving, streaming, elutriation, and sedimenta-
tion.

Probably one of the oldest, the cheapest, the simplest and certainly the most popular
method of size analysis is sieving. This has the advantage that it is readily usable for large
particles which are generally encountered in the mining of minerals. It has, however, some
drawbacks: (i) it is not amenable for measurement of sprays or emulsions; (ii) it is not very
suitable for measurement of sizes below 38 um (400 mesh); (iii) it is difficult to use for
measuring cohesive and agglomerated materials (as for example, clays); (iv) the measure-
ment depends on the operating parameters, thus requiring a rigid standardization of meas-
urement times and operating methods (e.g., tapping); and (v) a true weight distribution is
not produced; rather the method relies on measuring the second largest dimension of the
particle (this can give some strange results with rod-shaped particles).

The simplest and the most common method of separating mixtures exclusively by size
alone is to make a screen analysis using testing sieves. A set of standard screens is arranged
serially in a stack, with the smallest mesh at the bottom and the largest at the top. The
analysis is carried out by placing the sample on the top screen. The stack is agitated manu-
ally or mechanically for a definite period. The particles retained on each screen are removed
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and weighed, and the masses of the individual screen increments are converted to mass
fractions or mass percentages of the total sample. The particles that clear the finest of the
screens are accepted in a pan at the bottom of the stack.

The results of a screen analysis are tabulated to display the mass fraction of each screen
increment as a function of the mesh size range of the increment. Since the particles on any
one screen are cleared by the screen immediately preceding it, two numbers are necessary
to specify the size range of an increment: one for the screen through which the fraction
clears; and the other for the screen on which it is retained. Thus, the notation 10/14 means
“through 10 mesh and on 14 mesh”. An analysis tabulated in this way is called a differential
analysis. Besides differential analysis there is a second type of screen analysis called cumu-
lative analysis. This type of analysis is obtained from a differential type by adding, cumula-
tively, the individual differential increments, beginning with that retained on the largest
mesh, and tabulating or plotting the cumulative sums against the mesh dimension of the
retaining screen of the last to be added.

In particle size analysis it is important to define three terms. The three important meas-
ures of central tendency or averages, the mean, the median, and the mode are depicted in
Figure 2.4. The mode, it may be pointed out, is the most common value of the frequency
distribution, i.e., it corresponds to the highest point of the frequency curve. The distribu-
tion shown in Figure 2.4 (A) is a normal or Gaussian distribution. In this case, the mean,
the median and the mode are found to lie in exactly the same position. The distribution
shown in Figure 2.4 (B) is bimodal. In this case, the mean diameter is almost exactly half-
way between the two distributions as shown. It may be noted that there are no particles
which are of this mean size! The median diameter lies 1% into the higher of the two distri-
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butions because this is the point which divides the population into two equal halves. The
mode corresponds to the top of the higher curve because this gives the most frequently
occurring value of the diameter (only just!). This example illustrates that there is no reason
why the mean, the median and the mode should be identical or even close to each other.
Their relative values depend on the symmetry of the distribution.

It may be mentioned here that the mode which represents the most commonly occurring
size in a given distribution is not of much use in mineral processing since it does not
describe fully the characteristics of a group of particles. The arithmetic mean diameter
suffers from the same limitation except when the distribution is a normal one. The har-
monic mean diameter is related to the specific surface area. It is, therefore, useful in such
mineral processing operations where surface area is an important parameter.

2.2.3
Surface

There are two widely used methods for the determination of the specific surface area of
particles. One is based on permeability and the other on gas adsorption.

2.2.3.1 Permeability

The determination of the specific surface area of a powder by air permeability methods
essentially involves the measurement of the pressure drop across a bed of the powder un-
der carefully controlled flow conditions. The data obtained are substituted in the Kozeny-
Carman equation to estimate the specific surface area. Permeability methods have certain
advantages, one of them being that the equipment used for carrying out the measurements
is cheap and robust. Another advantage is that sample problems are minimized because a
large sample of powder is required to be used for analysis.

Two types of instruments are employed to determine the specific surface area by permea-
metry. Those of the first type are called constant pressure systems, and the Fisher subsieve
sizer is a typical example that belongs to such systems. Instruments of the second type are
known as constant volume permeameters, and the apparatus devised by Blain is an example.

2.2.3.2 Gas Adsorption

A commonly used method of determining the specific surface area of a solid is by the
adsorption of a gas onto the solid and the determination of the monolayer capacity. Most
methods make use of the Brunauer, Emmett, and Teller equation, commonly referred to as
the BET equation, for calculating the surface area on the basis of monolayer adsorption.
The BET equation can be written as

1 _ 1  ¢c-1 P
V(PO—) Vo C VyC By
P

where P is the absolute gas pressure, P, is the saturation vapour pressure of the adsorbate
at the temperature of adsorption, V,, is the volume of gas adsorbed at complete monolayer
coverage, V is the volume of gas adsorbed at pressure P, and C =exp (Q; - Q,)/R T, O;
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being the heat of adsorption of the first layer and Q, the heat of liquefaction of the bulk
liquid. A plotof'1/V (P,/P - 1) against P/ P, should give a straight line of slope (C—1)/V,, C,
with an intercept 1/V,,C. In this way V,, can be determined and by knowing the molecular
area of the adsorbate, the specific surface area can be calculated from the relation

_Novy
M

S

where S is the specific surface area (m*g™), N is Avogadro's number (6.023 - 10% mol-
ecules/gram molecule), 6 is the area occupied by one adsorbate molecule (m?/molecule),
V,, is the monolayer volume (ml), and M is the gram molecular volume (22410 ml).

The instruments used to carry out specific surface area determination are based on two
types of methods: volumetric methods, and gravimetric methods. Most instruments based
on the former use conventional nitrogen adsorption, or some modification of it, and basi-
cally follow the original instrumental design of Emmett. These instruments are best suited
for the analysis of high surface area powders. Other instruments have been developed for
the analysis of low surface area powders; these usually make use of krypton or ethylene gas.
The gravimetric methods have a great advantage over the volumetric methods in that the
volume of the adsorption system is quite immaterial. The quantity of gas adsorbed is ob-
tained directly by measuring the increase in weight of the solid substance upon exposure to
the gas. The main disadvantages of the gravimetric methods are: (i) the instrument is much
less robust and correspondingly more difficult to make and maintain as compared with a
volumetric instrument; (ii) the apparatus needs calibration; and (iii) there is a need to apply
the buoyancy correction. In the gravimetric methods, single spring balances, multiple spring
balances, and beam balances are used for weight determination.

23
Comminution

The word “comminution” encompasses all the terms, crushing, grinding and other words
or phrases associated with the size reduction or severance of ores and rocky materials. It
will be recalled (Figure 2.1) that comminution forms the first step of the front-end opera-
tions of mineral processing. Throughout the process industries solids are reduced by dif-
ferent techniques for different purposes. Huge chunks of crude ore are crushed to manage-
able size that they can be further worked on, while synthetic chemicals are ground to powder.
These are some among the many examples that can be cited. Commercial products are
often required to meet strict specifications as regards the size and sometimes also the shape
of the particles they contain. Reducing the particle size also enhances the reactivity of sol-
ids; it allows separation of undesirable constituents by mechanical means; and it reduces
the bulk of fibrous substances for easy working.

Comminution essentially produces a suit of particles in different sizes, and a quantita-
tive description of comminution relates the sizes of particles in the feed with those in the
product. Simply stated, comminution modifies only the particle size distribution between
the feed and the product.
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Table 2.2 Major purposes of comminution.

1. Liberation of one or more economically important minerals from the gangue components in an ore
matrix.

2. Exposure of a large surface area per unit mass of material to facilitate some specific chemical
reaction, such as leaching.

3. Reduction of the raw material to the desired size for subsequent processing or handling.

4. Satisfaction of market requirements concerning particle size specifications.

A crusher or grinder does not produce a uniform product, whether the feed is uniformly
sized or not. The output always consists of a mixture of particles, ranging in size from a
categorized maximum to a submicroscopic minimum. Some machines, especially in the
grinder category, are designed to control the magnitude of the largest particles in their
yields. The fine sizes, however, are not under control. In some types of grinders the fines
are minimized but they are not eliminated. If the feed is homogeneous, both in the shapes
of particles and in chemical and physical structure, the shapes of the individual units in the
product may be quite uniform; otherwise, the grains in the various sizes of a single product
may vary significantly in proportions.

The smallest grain in a comminuted product may be comparable in size to that of a unit
crystal, which is the smallest unit of the material that can exist as an independent crystal.
This size is of the order of 10~ micron (1 micron is equal to 10~ mm, or 107*™). If for
example, the biggest particle in a product just clears a screen having 1-mm apertures, the
ratio of the diameters of the biggest and smallest particles is of the order of 107" : 107/, or
10°. Because of this extreme variation in the sizes of the individual particles, relationships
adequate for uniform sizes must be modified when applied to such mixtures. The term
“average size”, for example, has no meaning until the method of averaging is pronounced,
and, as it happens that there are several different sizes which can be calculated.

The major purposes of comminution or size reduction operations can be summarized in
four categories as shown in Table 2.2. Comminution is almost invariably performed in two
or more stages. It starts with the crude mined or quarried product; this is progressively
taken to the desired final size by a step-by-step process. As the process of fracture is in-
volved throughout this procedure, a brief discussion on the fracture of materials is appro-
priate at this point.

2.3.1
Fracture of Materials

The term fracture implies fragmentation of a solid body into two or more bodies under the
action of stress. Two main types of fracture mode are observed in solids. The first is ductile
fracture which is the failure of a material after it has undergone a considerable amount of
plastic deformation. The other is brittle fracture which is the failure of a material without
undergoing practically any plastic deformation. The type of failure which occurs depends
largely on the nature of the material and its condition; however, failure is also affected by
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other factors, including the type of stressing, the rate of application of stress, temperature
and environment. Brittle fracture should generally be avoided in structural materials since
it can occur without notice or warning and can lead to catastrophic consequences. How-
ever, brittleness is a desirable property for comminution: the more brittle a material the
more easily it fragments. The strain is proportional to the applied stress up to the point at
which fracture occurs in the case of a brittle material.

The principle behind the phenomenon of fracture of materials can be described by hav-
ing recourse to Griffith's theory. Alternatively, this can be done by introducing the concept
of fracture toughness.

In the study of fracture, a basic problem is to explain why it takes place at only a small
fraction of the theoretical stress calculated for the fracture of a perfect crystal. It is believed
that this happens due to the occurrence of inherent flaws such as cracks in the material.
Fracture is the separation of a load-bearing body into two or more parts by the extension of
a crack, and leading to a reduction in the load-bearing capacity to zero. These cracks cause
the local concentration of stress to attain values as high as the theoretical (i.e., cohesive)
strength; this results in the propagation of such cracks and eventually in the fracture of the
material in a brittle manner. In Griffith's theory an energy balance is considered for esti-
mating the stress required to cause a crack to propagate. The surface energy associated
with a flat crack of length 2 L and unit thickness is 4 Ly, where yis the surface energy per
unit area of the crack surfaces. In general there will also be some plastic deformation of the
surfaces of the crack, requiring an energy P per unit area, so that the total energy required
for the creation of the crack is

Wi.=4L(y+P)

This energy is considered to be supplied by the elastic strain energy, W, that is released
per unit thickness by the formation of the crack and is given by

where o is the tensile stress acting normal to the crack and E is the Young’s modulus. Now,
an existing crack will grow spontaneously under the action of a given stress, if the change
in W, with increasein L, dW,/dL, is atleast equal to the corresponding change in W, dW, /dL.
From the two relationships provided, this equality can be expressed as

2
%:4(y+p)

The value of ¢ obtained from this equation is the critical value of the applied tensile
stress normal to the crack (also known as the Griffith stress) necessary to cause the crack to
propagate and is given by

[2eq+p) ]
Or = nl
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This result indicates that the stress necessary to cause brittle fracture is lower, the longer
the existing crack and the smaller the energy, P, expended in plastic deformation. The quantity
orrepresents the smallest tensile stress that would be able to propagate the crack of length
2 L. The term o (n )** is generally denoted by the symbol K and is known as the stress-
intensity factor (for a sharp elastic crack in an infinitely wide plate). Fracture occurs when
the product of the nominal applied stress and the stress concentration factor of a flaw
attains a value equal to that of the cohesive stress.

To sum up, failure of materials by crack propagation, according to Griffith, takes place
when it is energetically possible, i.e., when the energy of the new surfaces produced is less
than the energy released by the relaxation of strain in the surrounding material. The sec-
ond criterion for crack propagation is that there should be a mechanism whereby it can
occur, i.e., that plastic flow is inadequate to relieve the stress, which is the case with brittle
materials. In these materials the strain energy is relieved by crack propagation in contrast
to tough materials which relieve the strain energy mainly by plastic deformation. For brittle
materials, P is small and the influence of the surface energy term, v, becomes very signifi-
cant. Once the applied stress reaches the level 6 small internal cracks can propagate; as
the cracks increase in size the value of L increases with a corresponding reduction in the
value of o In such a situation the cracks spread in a catastrophic manner. This failure
mode applies to all brittle solids.

In providing an overall picture of the Griffith theory applied to the comminution process,
it must be pointed out that the theory requires that a tensile stress should exist across a
crack to open it further. While a uniform compressive force can close a crack, a nonuniform
one can lead to the occurrence of localized tensile stresses. In a comminution process the
particles are subjected to nonuniform loading, and therefore it can be surmised that they
normally break in tension and not in compression. However, the tensile component of
loading in comminution does not form the major loading component and this contributes
towards a lowering of the overall energy efficiency of comminution.

All materials have a statistical distribution of cracks in them. The longest crack that is
most favourably oriented with respect to the applied stress axis is the most effective one in
that it propagates first to cause fracture, as the applied stress is increased. If a second test is
carried out on one of the broken pieces, the strength is usually higher as a direct result of
the elimination of the most effective crack in the first test. This, coupled with the fact that
the probability of cracks being present in a particle decreases as the particle size decreases,
explains the progressively higher energy requirements as the ore particle sizes come down
in comminution.

In the context of crack propagation, a quantity, B, which is a function of temperature and
the crack velocity and is known as the fracture surface energy, is often used. The ranges of
the values of B, obtained from the results of fracture tests, for different types of materials
are (in ergs. cm ) 10°~10* for glasses, 10°~10° for plastics and 10°~108 for metals. The free
surface energy of solids is of the order of 10-10* ergs. cm™. This implies that the free
surface energy is quite insignificant in fracturing. For comminution to occur, energies com-
mensurate with the fracture surface energy must be expended.

Besides Griffith's theory, the fracture of materials can be described in terms of a property
known as fracture toughness. The fracture toughness of a material refers to its resistance to
fracture in the presence of cracks or discontinuities. Fracture toughness is represented by
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the symbol K (pronounced “kay-one-cee”) and is the critical value of the stress intensity
factor (K) at a crack tip necessary to produce catastrophic failure under simple uniaxial
loading. In general, the value of fracture toughness is given by

Kic=Yo (r L))"

where Y is a dimensionless geometric factor and L. is the critical crack length. The initia-
tion of unstable fracture in a material takes place as soon as the applied stress intensity (K)
attains the critical value, K;, either because of increasing stress or due to increasing crack
length, or both. It should be noted that a properly determined value of K;. represents the
fracture toughness of the material under consideration irrespective of crack length, geom-
etry or loading system; K. is a material property in the same sense that yield strength is a
material property.

2.3.1.1  Fracture Mechanisms

The manner in which a particle fractures depends on (i) the nature of the particle; and (ii)
the manner in which the fracture force is applied. A number of terms have been used to
describe the different mechanisms of single particle fracture. The different terms consid-
ered here are abrasion, cleavage, shatter, and chipping. It may be pointed out that in prac-
tice these events do not occur in isolation. Real breakage involves a combination of these
processes, with the proportions changing, depending on the equipment, and on the man-
ner each particle is stressed within it.

Abrasion fracture occurs when sufficient energy is not supplied to cause significant frac-
ture of the particle. In such circumstances only a localized stressing occurs and a small
area is fractured to result in a distribution to be essentially the original particle, together
with a small amount of very fine particles.

Cleavage fracture is said to take place when the applied energy is just sufficient to load a few
regions of the particle to the point of fracture. Only a few particles result, and their size is
comparatively close to that of the original particle. This situation typically arises under con-
ditions of slow compression where fracture immediately relieves the loading on the particle.

The term shatter fracture applies to a situation where the applied energy is well in excess
of that necessary for fracture. Many regions of the particle are overloaded under these con-
ditions, yielding a comparatively large number of particles with a wide distribution of sizes.
This type of fracture occurs under conditions of rapid loading such as those obtained in a
high-velocity impact.

The term chipping implies breaking of the edges or the corners of a particle. The process
may be considered to be a special case of cleavage. It should not be overlooked that the
principal terms, abrasion, cleavage, and shatter used here have been so arranged as to qualify
the order of increasing energy intensity.

232
Energy and Power Requirements

Comminution is mechanically a very wasteful process. It has been seen that most of the
energy is lost, and this is so because of the difficulty in transmitting the applied forces to
the particles in the mill contents that most need to be broken down. The culprit in this
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regard is interparticle friction. This is coupled with the fact that most materials processed
by comminution are substantially weaker in tension than in compression and, for the most
part, the operating forces in comminution are not tensile in nature. During comminution,
the particles of feed material are first distorted and strained. The work required to strain
them is stored temporarily in the solid as mechanical energy of stress. As additional force is
applied to the stressed particles, they are distorted beyond their ultimate strength, and their
rupturing into fragments takes place all on a sudden. New surface is produced. Since a unit
area of solid has a definite amount of surface energy, the production of new surface re-
quires work, which is supplied by the release of energy of stress when the particle frag-
ments. By conservation of energy, all energy of stress in excess of the new surface energy
produced must appear as heat. Rock breaking is a good example of a comminution process.
According to an estimate, only about 3% of the total energy input is actually used to commi-
nute, and a very substantial portion appears as heat. The rock-breaking operation can be
made more efficient provided that ways and means are found to put to use the heat energy
evolved in the process. No advance has taken place as yet in this direction.

2.3.2.1 Energy Size Relationship

In the past, considerable efforts have gone into finding correlation between the energy
input and the amount of size reduction induced. Widely known as laws, these correlations
are mostly empirical relationships of the general form:

~Kdd,
dg

dEO =

where E, is specific energy necessary to supply the surface energy of the new surface, d, is
particle size, and K is constant. It is through the use of appropriate values of n, that the
correlations of Kick, Rittinger, and Bond can be developed from above equation. Among
them, only the relationship of Bond (developed from above equation with n = 1.5) has found
wide practical use.

2.3.2.2 Bond Law
Bond presented the equation in the form

4 d

W=w[
P

where d,, d, = the 80% passing size of feed and product, respectively; W = total work;
W; = total work for reduction of a particle from infinite size to 100 um.

The work index, W,, is basically an indication of ore hardness, but also includes equip-
ment efficiency. The Bond method has been the mainstay of size reduction circuit. It still
holds a value, specially for initial design calculations, and for simple checks on efficiency.

2.3.2.3 Crushing Efficiency
The ratio of the surface energy produced by crushing to the energy consumed by the solid
is the crushing efficiency, and is represented by .. If ¢ is the surface energy per unit area,
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and A,; and A,, are the areas of product and feed, respectively, and the energy consumed
by the motor W, than

Cs (Awb — Awa)
Nc

W =

n

The surface energy produced by fracture is small when compared with the total mechani-
cal energy stored in the material at the time of fracture, and most of the latter is trans-
formed into heat. This leads to the crushing efficiencies to be low and results show them
range between 0.1 and 2%.

2.3.3
Liberation

The two fundamental operations in mineral processing are release or liberation or freeing
of the valuable minerals from waste gangue minerals from each other and concentration,
which involves separation of the liberated product. Comminution is the cause, and libera-
tion is its effect. This has also been listed as the first among the different purposes of
comminution. It may be pointed out that occasionally, as in beach sands, alluvial deposits
and soils, the constituent minerals in these deposits already occur in the form of discrete,
single-phase particles, and are usually completely liberated from each other. This job is
done by natural agencies. More common however is the rocky material in which the indi-
vidual mineral grains are firmly bound together. The valuable minerals in such rocks can
be released (or in other words liberated) in commerce by comminution implementing break-
age of rocks into small fragments.

Figure 2.5 provides a schematic representation of an ore recovery process embedded in a
rocky material through a liberation process. It is of interest to present graphically the result
of fracturing a lump of ore consisting of gangue in which valuable mineral particles are
embedded. The original ore lump is a mixed particle, and after breaking it up into smaller
particles, it is virtually certain that some of those particles are entirely gangue, some en-
tirely valuable mineral, while some are mixed. The percentage of mixed particles as a func-
tion of the mean particle size, on breaking the lump into finer and finer particles, has been
sketched in Figure 2.6. This figure illustrates the fact that the fraction of mixed particles
containing both gangue and valuable mineral particles declines during comminution. As
the sketch conveys, for mean particle sizes not much smaller than the original size, the
majority of the particles is mixed. As the mean particle size begins to approach the valuable
mineral particle size, or the separation between the valuable mineral particles (whichever is
greater), particles that are not mixed appear and when well below the valuable mineral
particle size, almost none of the particles are mixed. This physical liberation of the valuable
mineral particles is also facilitated by the tendency of the ore to fracture along the interfaces
separating the mineral and the gangue.

To provide an understanding of the optimum results in the linearation process from the
elementary level, breakage in an unbroken rock fragment consisting of two mineral grains
is considered as an example. The starting point is the unbroken fragment consisting of
minerals X and Y. A single random break accomplishes no liberation. Multiple random
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Figure 2.5 Schematic representation of ore recovery process
(and the accompanying separation treatments).

breaks liberate some of mineral Y; some particles are liberated of Y, and some are compos-
ite particles containing both X and Y. A single nonrandom break along a grain boundary
yields perfect liberation of both X and Y. This example substantiates the fact that an ideal
kind of liberation would be achieved if a hard rock could be broken along the boundaries
between the valuables mineral grains and the gangue. This type of breakage is very diffi-
cult, but it is not impossible to achieve. It is well known that it is continually being realized
by the natural agencies which give rise to alluvial deposits and beach sands to which refer-
ence has been made above. Liberation is accomplished by randomly breaking a rock into
progressively smaller fragments. Liberation initializes when the fragment size becomes
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Figure 2.6 Qualitative presentation of liberation versus particle sizes after fracturing.

smaller than the original size of either the gangue or the valuable mineral. Since the gangue
is normally present in much greater amounts than the mineral, it may be possible to liber-
ate some of the rocky matrix at a coarser size than the valuable mineral. This type of libera-
tion through random breakage will, unfortunately, only achieve 100% liberation when the
rock is severed to zero particle size.

Itis important to bear in mind that the grain size distribution of a mineral determines, to
a considerable extent, the ease with which that mineral can be liberated from its rocky
matrix. Minerals occurring as large grains are liberated at comparatively large sizes, while
small grains can only be liberated at very fine sizes. If a mineral allows itself to be free at
coarse particle sizes, then the liberated process involved will be comparatively cheap. Moreo-
ver, minerals that are coarsely sized are far more easy to concentrate into market products
than those finely sized. Consequently, good estimates of grain size distributions of the
various minerals in a deposition must be obtained. This information has an important
bearing in the assessment of the value of a deposit.

234
Machine Selection

There are many variables or factors that must be considered while attempting to decide
what type of equipment should be chosen for any particular size reduction operation.
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The hardness and mechanical structure of the material and its moisture content are among
the physical properties which guide selection of the machine. Hardness dictates the size
and design of the machine in order that it may have sufficient strength to crush the mate-
rial. The harder the material, the greater is its abrasive action, and the machine must be so
designed as to contain the fewest possible wearing parts. In order to illustrate the impor-
tance of the mechanical structure, it may be mentioned that if a material is of a fibrous
nature, it cannot be crushed by pressure or by shearing action, but must be torn apart.
Wood, for example, is a soft material but on account of its fibrous nature it has to be cut or
torn apart. Machines used for subdividing such fibrous materials are often called dis-
integrators. Moisture also plays an important role in the selection of crushing and grinding
machinery. If the moisture content is more than about 4-5%, the material becomes sticky
and presents problems in maintaining a free crushing. On the other hand, if the moisture
content exceeds about 50%, the material is quite fluid, and under such circumstances the
water may actually be used to aid free crushing by washing and carrying away the finely
ground product.

The fineness of the material being processed governs the selection of machines. Both the
feed and the product sizes are involved in the selection process. Some machines, by their
very design, can treat only coarse material, while some others can treat only fine material.
Some machines produce a very uniform product, whereas some others, by virtue of their
construction, produce a product with considerable variations in size.

Tonnage is a vital factor in determining the economic balance between fixed charges
(interest, depreciation and taxes) and operating costs (labour, power and maintenance).
The higher the tonnage, the more the money that may have to be spent for the initial instal-
lation in order to cut down operating costs such as power and maintenance. The higher the
tonnage, the more necessary it is to use machines where operating costs are low.

The chemical reactivity of the material to be processed for size reduction can pose a great
problem. For example, the plant construction itself may be exposed to the threat of corro-
sion. The size reduction process generally raises the temperature of the material in ques-
tion and this effect may alter the material in some undesirable way.

One very basic factor worth listing perhaps in the very beginning is the necessity of size
reduction. It is a costly process not only in terms of money, but also in terms of energy. It
may be more advantageous to buy already sized material or to alter some other stage of
processing, in order to avoid the size reduction operation altogether.

235
Machine Types

Alternative terms for size reduction to describe the operations that subdivide solids me-
chanically are crushing and grinding. An ideal crusher or grinder should (i) have a large
capacity; (ii) require a small power input per unit of the product; and (iii) yield a product of
the size and/or the size distribution desired.

In the very initial stages of size reduction, when the particles are large, the fracture en-
ergy for each particle is high, even though the energy per unit mass is low. The crushers
dealing with these initial coarse particles have to be massive and structurally strong. As the
particle size decreases the fracture energy for each particle also decreases, but the energy
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Table 2.3 Principal types of size reduction machine.

I 1 m v

Crushers Grinders Ultrafine grinders Cutting
(coarse and fine) (intermediate and fine) machines
1. Jaw crushers 1. Hammer mills; impactors 1. Hammer mills 1. Knife
2. Gyratory crushers 2. Rolling-compression mills with internal cutters;
3. Crushing rolls a) bowl mill classification dicers;
b) roller mills 2. Fluid energy mills slitters

3. Attrition mills
4. Revolving mills
a) rod mills
b) ball mills; pebble mills
¢) tube mills;
compartment mills

These machines have distinctly different modes of action. The characteristic action of crushers is slow com-
pression. Grinders apply impact and attrition, sometimes combined with compression; ultrafine grinders
function mainly by attrition. Cutters, dicers and slitters are characterized by their cutting action.

per unit mass increases more rapidly. This explains why the energy requirement goes up in
operations involving size reduction to finer dimensions. This happens in various grinders
and other machines used to produce materials in finely divided states. Experience has shown
that stage-by-stage crushing and grinding are usually more efficient than attempting to
implement a specified size reduction by means of a single machine.

Size-reduction machines are of various types. They may broadly be divided into crushers,
grinders, ultrafine grinders and cutting machines. Grinding implies subdividing to a prod-
uct finer than that obtained by crushing. A listing of size-reduction machines is shown in
Table 2.3. Solid materials may be broken in as many as eight or nine ways, but only four of
them are commonly used in size-reduction machines: (i) compression; (ii) impact; (iii)
attrition; and (iv) cutting. Compression or impact results due to forces applied almost nor-
mally to the particle surface. The type of mechanical action, compression, is exemplified by
a nut cracker and that of impact by a sledge hammer. The crushers, which are concerned
with coarse reduction, use slow compression. In general, compression is used for coarse
reduction of solids, to give relatively few fines. Attrition yields very fine products from soft,
nonabrasive materials. Cutting gives particles of definite size and sometimes a definite
shape, with few (or free of) fines. In the given listing, chipping may also be mentioned as
an additional way of breaking solids. Chipping primarily occurs due to oblique forces. All
these mechanisms distort the particles and alter their shape beyond certain limits governed
by their degree of elasticity, and this causes them to break. Impact action yields coarse,
medium, or fine products. The mechanical actions, attritions and cutting, are exemplified
respectively by a file and a pair of scissors, or cutters, or slicers.

2.3.5.1 Crushers
One important fact about crushers is that their working surfaces do not make contact with
each other during size reduction. The size reduction operations, as has been pointed out,
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are carried out in stages. The first stage is called coarse or primary crushing or primary
breaking. The crushers used in this stage take up the run-of-mine ore material and reduce
it to a size small enough to be treated by the next crusher, called the secondary crusher. The
secondary crushers consume more power as compared with the primary crushers. This is
because the work essentially on finer material and yield more new surface than would a
primary crusher for an equal reduction ratio. A classification of crushers into primary and
secondary crushers has been depicted in Figure 2.7. Crushers are slow-speed size reduc-
tion machines for coarse reduction of large amounts of solid materials. The main types are
jaw crushers, gyratory crushers, smooth-roll crushers, and toothed-roll crushers. The first
three operate by compression and can break huge chunks of hard solids, as in the primary
and secondary reduction of rocks and ores. Toothed-roll crushers tear the input materials
apart as well as crushing it; they usually operate on softer materials such as coal, and soft
shale.

Jaw crushers occupy a very important position in the field of mineral processing. Their
simplicity of operation and repair, combined with their ruggedness, enable them to be
widely used as primary crushers. The three general forms of the jaw crusher are: Blake,
Dodge and Universal. These are distinguished by the manner in which the movable jaw is
moved in relation to the stationary jaw. In the Blake-type crusher, which is the most com-
mon type of jaw crusher, the movable jaw is pivoted at the top so that it has a fixed receiving
area and a variable discharge opening. The greatest amount of motion is at the bottom of
the V, which implies that there is little tendency for a crusher of this kind to “choke” (by
which it is meant that it becomes filled with partially crushed material that will not drop out
the discharge). These crushers produce fewer fines than Dodge crushers, and can handle
stickier materials; they are also made in much larger sizes than Dodge crushers. In the
Dodge-type crusher, the movable jaw is pivoted at the bottom of the V, and thus it has a
variable feed and a fixed discharge opening. This design also implies that the greatest amount
of motion is at the top of the jaws. This type of crusher yields little oversize product and a
great many fines. It also tends to “choke”. On this account, these crushes operate only on
moderate amounts of dry, free-flowing solid materials. In the Universal-type crusher, the
movable jaw is pivoted at an intermediate position, with the result that it has variable dis-
charge and receiving areas. Apart from jaw crushers, gyratory crushers also occupy an im-
portant position in the list of primary crushers.

There are several crushers referred to as secondary crushers. Examples of these (shown
in Figure 2.7) are the cone crusher, the roll crusher, and the hammer mill.

A cone crusher can be regarded as a modified gyratory crusher. The cone crusher is made
in two types: the standard and the short-head, these differing chiefly in the shape of the
crushing cavities. It is now a general practice to install ahead of the secondary crusher a
vibratory type of screen in order to screen out all the material that has already been crushed
fine enough by the primary crusher, thereby increasing the capacity of the secondary crusher.
Roll crushers operate by the rotation of spring-loaded horizontal rolls which revolve towards
each other, drawing the feed material into the rolls. The rolls, as shown in Figure 2.7, have
smooth surfaces, but they may also sluggers or protruding teeth. Hammer mills form the
group of crushers called impact crushers in which the crushing is carried out predomi-
nantly by impact. In the mill, the material is fed into the path of fast-moving hammers
which swing freely from a central rotor. The feed material is shattered either on impact
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with the hammers or during subsequent collisions of the particles with impact plates within
the machine. The material stays in the machine until it is fragmented small enough to
escape through the gap between the hammers and the machine housing.

In the context of crushing mainly by impact (as in some crushers, including the hammer
mills) it may be pointed out that there is a subtle difference between this mode of crushing
and that performed by compressive forces, as used in many other crushers. The states of
material broken by pressure differ from those broken by impact. Materials broken by pres-
sure have internal stresses which can lead to cracking later. Materials subjected to impact,
on the other hand, fracture immediately and there are no residual stresses. This stress-free
condition is a desirable feature in some specific situations, as for instance, in stones in
such utilities as brick making, building and road construction, in which binding agents
(such as bitumen) are subsequently added to the surface. The impact crushers, therefore,
have a wider use in the quarrying industry than in the metal mining industry. They are also
well suited for crushing those metallic ores which tend to have plasticity and pack when the
crushing forces are applied slowly, as in the jaw and the gyratory crushers.

2.3.5.2 Grinders

The reduction of ore or similar raw materials to particle sizes smaller than the practical
limits attainable by crushing machinery is accomplished in grinding. Infact, grinding is
the ultimate stage in the process of comminution. Unlike crushing equipment, the work-
ing surfaces of grinding equipment make contact with each other during size reduction.
The grinding operations in mineral processing are carried out in what are called are the
tumbling mills. The general term tumbling or revolving mill includes the rod mill, the ball
mill, the pebble mill, the autogenous mill, and the tube mill.

2.3.6
Circuits

The residence time of ore pulp in a given mill largely determines the mill capacity. If there
is a need to grind 150 mm ore to 2 mm, a charge can be loaded in a closed ball mill and
there is a need to continued grinding until the entire material attains the required size.
However, much of the material would be found to be underground, so that a major portion
of the product would be much smaller than 2 mm. The ball mill does not restrict its crush-
ing action exclusively to the large particles, but continues to act on particles that are fine
enough (2 mm in the present example under description), grinding them still smaller. Ide-
ally speaking, communition for concentration is reduction of the particle size to a sufficient
degree to liberate the ore minerals from the gangue with minimum overgrinding. If 2 mm
represents the stage at which liberation is complete, then the batch grinding carried out in
the manner stated would have two harmful effects: (i) a large amount of overgound mineral
would be contained in the discharge, which would then be difficult to treat by concentra-
tion processes; and (ii) there would be expenditure of a large amount of energy in perform-
ing this unwanted and harmful overgrinding. However, if an attempt is made to avoid
overgrinding by using a continuous process (open-circuit grind) and to have the ore dis-
charged from the mill after it had been ground for a short period, then the product would
be considerably oversized.
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Figure 2.8 Flowsheet for closed-circuit size reduction.

In order to avoid oversize in the product yet at the same time minimize the extent of
overgrinding, most ball mills operate in closed circuit with a classifier or a screen. The
classifier takes the ball mill discharge and separates it into two portions. One portion is the
finished product, which is ground as finely as needed. The other portion is the oversize
material, which goes back to the mill for further grinding, and this is identified as the
circulating load of the system. It is in this manner that the material can be made to traverse
through the ball mill rapidly enough to prevent any serious overgrinding; this leads almost
to what is called sliming, but the classifier must prevent the accompanying oversize mate-
rial from going out of the circuit. The ball mill and classifier combination, then, results in
a continuous operation, the output of which is a product of required size. The ball mill, of
course, tends to work on coarse material as much as possible. A flowsheet for closed-circuit
size reduction is shown in Figure 2.8.

2.3.7
Operational Aspects

There are a number of operational aspects of size reduction, the important points being
feed control, mill discharge, and thermal effects.
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A mill should preferably operate with feed of properly sized particles. It goes without
saying that particles should not be so greatly sized that cannot be ground by the mill. In
cases where there are associations of too many fines the effectiveness of many machines,
especially intermediate crushers and grinders, are seriously jeopardized. With some solids,
certain pretreatments (for example pre-compression or chilling) of the feed before it enters
the mill may greatly increase the ease with which it may be comminuted. In those mills
which are continuous it is necessary that the feed rate be controlled within close limits in
order to avoid choking or erroneous behaviours in load, yet make thorough use of the ma-
chine capacity.

In the case of a continuous mill the rate of mill discharge is required to equal the rate of
feed in order to avoid build-up of material. Furthermore, the rate of discharge needs to be
such that the working parts of the mill can operate most effectively on the substance to be
broken. In a jaw crusher, for example, particles may be collected in the discharge opening
and subjected to crushing many times before they clear. As has been pointed out earlier,
this is an unnecessary expenditure of energy if many particles are so disposed that they are
subjected to crushing to an extent beyond what is required or necessary. With fairly coarse
products, as many machines produce, gravitational force is mostly sufficient to provide free
discharge. Usually the product clears from the bottom of comminuting machines, but other
types of discharges also exist, such as circumferential discharge and trunnion charge, which
are used in particular types of machines used for communition. In discharging mills used
for fine and ultrafine grinding, the gravitational force is replaced by the drag of a fluid
carrier which may be a liquid or a gas. Wet grinding with a liquid carrier is common in
revolving mills. It results in more wear on the chamber walls and on the grinding medium
than does dry grinding. However, it economizes energy, enhances capacity, and simplifies
handling and product classification operations. A sweep of air, steam, or inert gas removes
the product from some machines, as for instance, attrition mills, fluid-energy mills, and
many hammer mills. The powder is extracted from the gas stream by employing bag filters
or cyclone separators.

In dealing with thermal effects it may firstly be pointed out that only a very small portion
of the energy supplied to the solid substance in a grinding mill is utilized in creating a new
surface. The major portion of the energy, therefore, is transformed into heat, which may
raise the temperature of the solid substance inside by several degrees. The solid may melt,
decompose, or may even explode, depending of course on the material in question and its
characteristics, unless this heat is removed. For this reason cooling water or refrigerated
brine is often circulated through the coils or jackets in the mill. Sometimes the air blown
through the mill is refrigerated, or solid carbon dioxide (dry ice) is made to accompany the
feed to the mill. Still more severe reduction of temperature is attained with liquid nitrogen,
to provide grinding temperature below about —38 °C. The objective of using such low tem-
peratures is to charge the fracture features of the solid substances, commonly by making
them more brittle. While heat removal on some occasions becomes a necessity, there are
also occasions when heat addition becomes a necessity. Heat addition to the mill is com-
monly carried out by circulating hot air or flue gas through it. In this mode the mill simul-
taneously grind and dry a moist solid.
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24
Mineral Separation

In general, the necessity that frequently arises to separate the components of a mixture into
individual fractions needs little elaboration. The fractions may differ from each other in par-
ticle size, in phase, or in chemical composition. It is important in this context to examine
Table 2.4, which lists the different objectives with which mechanical separations are per-
formed. A number of methods have been invented for accomplishing such separations and
several unit operations are devoted to them. In practice, many separation problems are en-
countered, and the best suited method must be applied to the problem. Procedures for sepa-
rating the components of mixtures fall broadly into two categories. One category includes
methods, called diffusional operations, that involves phase changes or transfer of material
from one phase to another. The second category includes methods, called mechanical sepa-
rations, which are useful in separating solid particles or liquid drops. Mineral separation
may be regarded as simply another name for mechanical separation as specifically applied.
Mechanical separations are applicable to heterogeneous mixtures, but not to homogeneous
solutions. Colloids, which are an intermediate class of mixtures, are not usually treated by
the methods described in this present section, which is concerned primarily with particles
greater 0.1 micron in size. The techniques described are based on physical differences among
the particles such as size, shape, or density. They are applicable to separating solids from
gases, liquid drops from gases, solids from solids, and solids from liquids. This indeed a
varied list, but two general methods are used for the purpose. One is the use of a sieve,
septum, or membrane, such as a screen or a filter, which holds one component and allows
the other to clear. The other method is the utilization of differences in the rate of sedimen-
tation of particles or drops as they move through a liquid or gas. For special problems, other
methods exploit differences in the wettability or electrical or magnetic properties of the
substances, and these form the subject matters for later sections of this chapter.

Once the comminution process is completed, the succeeding operations in mineral
processing are taken over by what is known as separation. Regardless of the method or
methods used, the aim is always the same-to take a natural aggregate of minerals (an ore)
and separate it into two or more mineral products. In general, the products of separation
are (i) the concentrate which contains the valuable minerals; and (ii) the tailings which
contain primarily materials of little or no value. It may be borne in mind that minerals have
been liberated, either by grinding or by chemical means, must usually be “sized” prior to

Table 2.4 A representative listing of wide and varied aims of mechanical separations.

1. Purification of a crude product by removing from it any contaminating impurities.
2. Separation of a mixture of two or more products into the individual pure products.

3. The stream discharged from a process step may consist of a mixture of product and unconverted raw
material, which must be separated and the unchanged raw material recycled to the reaction zone for
further processing.

4. A valuable substance, such as a metallic ore, dispersed in a mass of inert material must be liberated
for recovery and the inert material discarded.
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their separation from each other because the efficiencies of most separation methods are
improved when closely sized fractions are used.

A common feature of all separation processes is that they are imperfect — some of the
materials of no value contaminate the concentrate to some extent, and some of the miner-
als of value are always present in the tailings in small amounts.

It is now necessary to consider some parameters which qualify a separation method in
mineral processing. The term “recovery”, which is frequently used, refers to the percentage
of the total metal contained in the ore that is recovered in the concentrate. Thus, a recovery
of 70% implies that 70% of the metal in the ore has reported to the concentrate, and the
balance to the tailings. The purpose of calculating the recovery is essentially to determine
the distribution of the metal value contained in the feed (or heads) among the various
products of the separation operations. Another term which is used often is the “ratio of
concentration” which is the ratio of the weight of the feed (heads) to the weight of the
concentrates. Thus, if 1 kg of concentrate is obtained from 50 kg of ore, the ratio of concen-
tration is 50 to 1. This ratio of concentration is a measure of the efficiency of a concentrat-
ing operation, and it is related to the grade (or assay) of the concentrate; the value of the
ratio of concentration will generally increase with grade of concentrate. The ratio of con-
centration and the recovery are essentially independent of each other. It is necessary to
know both the quantities for the purpose of evaluating a given operation. One may, for
example, obtain a very high grade of concentrate and ratio of concentration simply by pick-
ing a few pieces of pure sphalerite from a kilogram of zinc ore. However, the recovery in
such a case is obviously very low. On the other hand, a concentration process might show a
recovery figure of over 90% of the metal, but it might also put well over 50% of the gangue
minerals into the concentrate. To cite an extreme example, one can obtain 100% recovery
by not concentrating the material at all! The recovery and the grade generally bear an in-
verse relationship in any concentration process. If one attempts to obtain a very high grade
concentrate, the tailings assays are higher and the recovery is low. On the other hand, if one
attempts to recover as much metal as possible, there will be more gangue in the concen-
trate, and the grade of the concentrate and the ratio of concentration will both come down.
A concentration ratio of 2 to 1 might be acceptable for certain high-grade nonmetallic ores,
but a ratio of 50 to 1 might be considered too low for a low-grade copper ore; ratios of
concentration of several million to one may be the common place for diamond ores. The
objective of milling operations is to keep the values of ratio of concentration and recovery as
high as practicable.

For a general analytical approach, reference may be made to Figure 2.9, showing the
input stream breaking into two separation streams: the concentrate and the tailings. The
weights of the feed, the concentrate and the tailings have been shown as W, W, and W,
respectively and their corresponding assays are f, ¢, and t. The following two relations obvi-
ously hold

We=W_+ W,
[We=c W+t W,
The first of these two equations states that the weight of the input equals the sum of the

weights of the products, while the second equation states that the weight of one constituent
in the feed equals the sum of the weights of that constituent in the products.
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Input or feed stream
Weight = Wf
Assay = f

Separation

Concentrate Tailings
valuable mineral product i
( Weight = Wpc ) (waste S&é%gﬂggmatenal) Figure 2.9 A two product separation
Assay =c¢ Assay =t process.

Multiplying the first equation by ¢, the following relationship is obtained:
EWe=t W+t W,

Subtracting this third equation from the second, one obtains
We(f—t)=W. (c—1)

or

Wf _ c—t

W, f-t

As defined earlier, the ratio of the weight of the feed to the weight of the concentrate is
called the ratio of concentration. Denoting this by k, the following relationship can now be
written:

c—t
f—t

From the relative weights of the concentrate and the tailings and their assays, that frac-
tion of a certain mineral or gangue contained in the feed or input material which is recov-
ered in the concentrate can be obtained. This, defined earlier, is known as the recovery (R).
When expressed as a percentage,

k:

W.-c
Wr - f

R =100 -

or
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Thus R and k can be obtained from data pertaining only to the assays of the materials
involved in the process. This relationship is very useful when the weights of the feed and of
the concentrate are not available. It may be mentioned here that the quantity R, by itself,
gives no information about the quantities of the concentrate and the tailings. However, R
and k, when considered jointly, can adequately express metallurgical results. The enrich-
ment ratio is ¢/f which is the ratio of the grade of the concentrate to the grade of the feed.

Separation processes, as could be seen from Figure 2.1, position themselves at the back
end of the sequence in operations in the mineral processing flowsheet. The front-end op-
erations has been found virtually to terminate with the liberation or the size-reduction
processes involving crushing and grinding. It is important to limit the amount of size re-
duction to that at which adequate liberation is accomplished. The term adequacy is related
to the cost involved in comminution and to performance of the concentration methods that
follows. The concentration is obtained by separation processes which rely on differences in
the properties of the particles, the physical and physico-chemical characteristics of miner-
als. In this context, it will only be relevant to refer to Table 2.5 which presents a summary of
the processes along with the properties of the minerals that are exploited.

Broadly speaking, separation processes can be divided into two main categories: sizing
separation, and concentration separation. In some cases, sizing separation is carried out
with a view to obtaining a product which must meet a size specification. More importantly,
however, sizing separation is applied to control the size of material to be fed to other equip-
ment. Such control is necessary because each equipment has an optimum size of material
that it can handle in an efficient manner. The two basic operations in a sizing separation
process are classification and screening. The chief objective of concentration separation is
to obtain valuable minerals in more concentrated forms. The processes employed for ac-
complishing this objective rely on both physical and surface chemical properties of the
minerals. The main concentration separation processes are gravity concentration, mag-
netic separation, electrostatic separation, and flotation. Later in the chapter the sizing sepa-
ration and the concentration separation processes are described. However, before dealing
with these a diversion is taken into the mechanics of movement of particles in a fluid
medium.

It will be both interesting and instructive to describe the separation process principles for
two substances: one a quartz—magnetite, and the other a quartz-hematite. The quartz—
magnetite when ground would consist of liberated quartz particles, liberated magnetite

Table 2.5 Separation processes.

Physical and physico-chemical Comminuted size, Separation process employed
properties diameter (d), mm

Shape and size d>0.04 Screening and classification
Specific gravity d>0.1 Wet or dry gravity separation
Electrical charge 0.05<d<5 Electrostatic separation
Magnetic susceptibility 0.1<d<5 Wet or dry magnetic separation
Surface properties 0.001<d<1 Flotation

Colour d>50 Sorting

Radioactivity 5 < d <1000 Radiometric sorting
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particles and some quartz-magnetite composite particles. The magnetite particles differ
from the quartz particles in density, magnetic response and surface chemistry, and any one
or combination of these processes could be made the basis of a separation technique that
would provide mineral fractions consisting largely of clean magnetite or clean quartz. Un-
fortunately, the composite quartz—magnetite particles processes a range of property values
between those for clean magnetite and those for clean quartz, and these must be returned
for further comminution and further liberation. In this context reference may be drawn to
Figure 2.5 which depicts this sequence of events.

The quartz-hematite combination presents a different picture. In this case, the differ-
ences between the magnetic properties of the liberated hematite and the liberated quartz
would not be adequate to constitute the basis of development of an adequate separation
procedure. It is necessary to devise a method for altering a property of one or both minerals
in order to bring an adequate property difference. In the present example of quartz and
hematite, the magnetic properties of the two are similar, but if they are thermally treated in
a reducing atmosphere then the hematite is converted into magnetite, while the quartz
remains unaltered. Thus, following the indicated thermal treatment, the magnetic proper-
ties of the two minerals would be vastly different and a magnetic separation process can
readily separate quartz from magnetite.

25
Fluid Dynamic Principles

Many mechanical separations involve the movement of solid particles or liquid drops through
a fluid. The fluid may be gas or liquid, and it may be flowing or static. As some assortment
of examples mention may be made of the removal of dust and fumes from air or flue gas,
the removal of solids from liquid wastes to permit discharge into public domain, and of the
recovery of acid mists from an acid plant gaseous wastes.

In many problems in the field of mineral processing, the influence of fluids on solids is
of considerable interest. The fluid may be static with the solid moving through it, or the
solid may be static with the fluid flowing past it. Two typical unit operations can be cited as
examples involving liquids flowing through beds of solid particles. One is filtration in which
the bed of solids consists of small particles that are removed, by a filter cloth or fine screen,
from the liquid. The other example is ion-exchange, in which a single liquid flows through
a bed of granular solids. These examples essentially represent the flow of a single fluid
phase through a column of stationary particles. The situation where the solid is immersed
in, and surrounded by, fluid is in essence the subject to which this particular section of the
present text remains principally addressed. It is generally of not much concern which phase,
solid or fluid, is considered static. It is only the relative motion between the solid and fluid
phases that is of importance. The different phenomena or principles involved with settling
of particles in a liquid as the fluid medium, and their treatment in their application mode
in accomplishing separation of materials, will now be described.
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2.5.1
Particle Settling Phenomena

A particle falling freely in vacuum is subjected to a constant acceleration, and its velocity
increases continuously. The velocity at any point depends only on the distance from the
starting point, and is independent of the size and the density of the particle. Thus a heavy
stone and a feather fall at exactly the same rate in an evacuated system. However, in the
event of a particle falling in a fluid medium, there is resistance to this fall or movement.
The resistance increases as the velocity of the particle increases, and this continues until
the forces tending to accelerate the particle and the fluid resistance forces become equal.
The particle is then said to have attained its terminal velocity; it continues to fall, but with a
uniform velocity.

The nature of resistance which a particle encounters during its descent in a fluid me-
dium is the viscous resistance and the turbulent resistance. The relative magnitudes of
these resistances depend upon the velocity of the descending particle. When it moves slowly
in the fluid medium, the motion is smooth; this is because the film of the fluid medium in
contact with the particle moves with it, while the fluid medium is motionless beyond a
certain short distance. There exists a zone of intense shear in the fluid medium all around
the descending particle between these two positions. Effectively, all resistance to motion is
due to the shear forces or the viscosity of the fluid medium and this resistance is therefore
called viscous resistance. The viscous resistance predominates when the particle is small and
its surface to volume ratio is large. The nature of the flow of the fluid medium around the
slowly descending particle is streamline flow (also referred to as laminar flow). When the
particle moves with a high velocity, the viscous resistance is relatively small and the main
resistance to its motion arises from the displacement of the fluid medium by the particle.
This is known as turbulent resistance and the corresponding flow is called turbulent flow
which causes vortices and eddies to form at the back of the particle in motion. This effect is
due to the rapid displacement of the fluid medium, brought about by the rapidly descend-
ing particle. As has already been mentioned, when only viscous resistance is present, the
fluid medium flows around the particle in a streamlined fashion and the formation of
eddies does not occur. Unlike viscous resistance, turbulent resistance is predominantly
experienced by fast-moving, large-sized particles. Whether viscous or turbulent resistance
predominates, the acceleration of particle in a fluid quickly falls and the terminal velocity is
rapidly attained.

The movement of a particle through a fluid demands that a density difference exists
between the particles and the fluid. An external force is also required to induce motion to
the particle relative to the fluid. The external force is usually gravity, but when gravity is not
adequately strong, centrifugal force (which can be many times that of gravity) is employed.
If the particle is of equal density of that of fluid, the buoyant force from the immersion of
the particle in the fluid will counterbalance an external force, however large, and the parti-
cle will not move through the fluid. The greater is the difference in density, the more pro-
nounced is the effectiveness of the process.

There are essentially three forces that act on a particle moving through a fluid. They are:
(i) the external force, gravitational or centrifugal; (ii) the buoyant force, which acts parallel
with the external force, but in the opposite direction; and (iii) the drag force which appears
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whenever there is relative movement between the particle and the fluid. The drag force acts
to oppose the motion and acts parallel with the direction of movement but in the opposite
direction.

In the general case, the direction of movement of the particle relative to the fluid may not
be parallel with the direction of the external and buoyant forces, and the drag force then
creates an angle with the other two. This is known as two-dimensional motion. In this
situation, the drag force must be resolved into two components, which complicates the
treatment of particle mechanics. This presentation considers only the one-dimensional
case in which the lines of action of all forces acting on the particle are collinear.

Thus as pointed out above, further treatment on the mechanics of particle motion re-
mains confined only to one-dimensional motion of particle through fluid. A particle of
mass m moving through a fluid under the action of an external force F, is considered. The
velocity of the particle relative to the fluid is taken to be v. The buoyant force on the particle
is taken to be F,, and the drag force be Fp,. Then, the resultant force on the particle is F, - F,
— Fp, the acceleration of the particle is dv/dt, and the resulting equation of motion is given
by

m%zﬂ—&—%

The external force can be expressed as a product of mass and the acceleration a, of the
particle from this force, and

F.=ma,

The buoyant force is, by the well-known Archimedes principle, the product of the mass
of the fluid displaced by the particles and the acceleration from the external force. The
volume of the particle is m/p,, where pq is the density of the particle, and the particle dis-
places this same volume of fluid. The mass of fluid displaced is (m/p ) ps Where p¢is the
density of the fluid. The buoyant force is, then,

m Pr e
F, =Pl
Ps

If the external force is gravity, a, is g, and the above equation takes the form:

mpr g
F =——=2
Ps

When the terminal velocity is reached, dv/dt = 0. With the mathematical expressions
thus far expressed, and substituting them in the equation of motion originally given, one
obtains the following expression:

substituting for a spherical particle
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_nd’ps
6
into the above equation one finally obtains the following expression:

Fo =g d (b —pr)

It may be added that a centrifugal force appears whenever the direction of movement of
a particle is changed. The acceleration from a centrifugal force from circular motion is
a. = r o, where 1 is radius of path of particle and o is angular velocity. These values of a,
may be substituted in the relationships for F, and F, and equation for dv/dt can be evalu-
ated. The equation for terminal velocity v, is finally obtainable, for centrifugal settling by
taking dv/dt= 0 in the same way as was performed for gravitational settling. Reference may
be drawn to the drag force, Fp; this is given by the expression

Fp =05 fppr v2 A

where f, is the drag coefficient and A is a characteristic area taken to be that obtained by
projecting the particle on a plane perpendicular to the direction of flow. The drag coeffi-
cient, fp, is commonly expressed as a function of Re, which is a dimensionless number
known as Reynolds number and is given by

Re=—dpfv
n

where 1 and p; are respectively the viscosity and the density of the fluid medium, and d is
the particle diameter. For nonspherical solids the drag coefficient f;, must be used for a
given value of ¥, where W is the ratio of the surface area of a sphere which has the same
volume as the particle to the actual surface area of the particle.

The relationship between f, and Re is shown graphically in Figure 2.10. The graph can be
divided into three regions: a laminar flow or Stokes region; an intermediate region; and a
turbulent flow or Newton region. It was Stokes who assumed that under laminar flow
conditions (when Re < 0.2) the drag force acting on a particle is entirely due to viscous
forces within the fluid and derived the following expression for this drag force on a spheri-
cal particle of diameter d,

FD =3Tl',dnvt

where v, is the terminal velocity. Substituting this expression for Fj in the last equation
involving Fp, (Fp, = /6 g d° (ps — pg) one obtains the following relationship:

2 —_—
v = a s —pr g (laminar flow, Re < 0.2)
18 n

This expression for the terminal velocity (i.e., the constant velocity that the particle ulti-
mately attains), is called Stokes’ law. When the Reynolds number is high, say usually greater
than of the order of 800, the flow becomes turbulent flow and eddies form. It was Newton
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Figure 2.10 Relationship between drag coefficient (f;) and Reynolds number (Re)
for a spherical particle settling in a liquid.

who assumed that in such a situation the drag force is entirely due to turbulent resistance.
He deduced the following expression for this drag force:

Fp = 0.055 wd? v? pg

Substituting the above relationship into the equation involving Fp, one arrives at the fol-
lowing expression for the terminal velocity:

0.5
= {w} (turbulent flow, Re > 800)
Ps

This expression for terminal velocity is called Newton’s law. Stokes’ law for the terminal
velocity (laminar flow) in a particular medium can be expressed in simplified form as

v = ky d? (py — py )0'5
Likewise, Newton's law for terminal velocity (turbulent flow) can be expressed in simpli-
fied form as

v =k, [d(ps —pe)'?

where k; and k, are constants, and (p, — py) is known as the effective density of the particle
of density p in a medium of density py.

To sum up, reference is drawn to Table 2.6 which presents expressions for the terminal
velocity in the laminar range as derived from Stokes’ law and that in the turbulent range as
derived from Newton's law, and their simplified versions. It may be noted that Stokes’ law
contains the factor n, which is the viscosity of the medium, but that this factor is absent in
Newton's law. Both laws indicate that the terminal velocity of a particle in a particular fluid
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Table 2.6 Terminal velocities based on Stokes’ and Newton’s laws.

Conditions Terminal velocity (v) Simplified versions of terminal velocity (v)

Stokes’ law Newton’s law Stokes’ law Newton’s law

Particles moving down

in the medium with a

low velocity; relatively

small particles 2

(<0.01 cmin d—Mg - ki d* (ps—pf) -
diameter); 18 n

laminar flow; viscous

resistance; Reynolds’

number low (Re < 2)

Particles moving down

in the medium with a

high velocity.

Relatively large 1

particles (> 0.5 cm in [3 dgps—p f)}z 1
diameter); turbulent pf - kyld(ps—p f)?
flow; turbulent

resistance, Reynolds’

number high

(Re > 800)

is a function of its size and density. The dependence of the terminal velocity on the particle
size is considerably different in the two flow conditions. Under laminar flow conditions the
velocity varies as @, whereas under turbulent flow conditions it varies as d*° However,
regardless of the law that applies, the following two observations can be made: (i) if two
particles have the same density, the particle with the larger diameter (size) will have the
larger terminal velocity; and (ii) if two particles have the same diameter (size), the particle
with the greater density will have the larger terminal velocity.

It will now be appropriate to describe the applications of these laws in the context of
particles settling under different conditions, that lead to their separation.

2.5.2
Free Settling and Hindered Settling

Free settling means that the particle is at a sufficient distance from the boundaries of the
container and from other particles, and that the density of the medium is that of a pure
fluid, as for example, water. If two different mineral particles of densities p, and p, and
diameters d, and d, respectively fall in a fluid of density p; with the same settling rate, then
their terminal velocities must be the same. From Stokes’ law this gives for the laminar
range

&Py — p3) = d3(p2 — P3)
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so that

12
4 _ (Pz - P3j
d, P1—=P3
The above expression is known as the free settling ratio of the two particles (minerals)

under laminar conditions. In a similar way the ratio under turbulent conditions can be
obtained from Newton's law as

di _ (P2 —P3)

dy  (P1—P3)

The above two expressions for the ratio d,/d, essentially give the ratio of particle sizes
required for the two minerals to fall at equal rates under the two specified flow conditions,
laminar and turbulent. As an example, let us consider a mixture of particles of the two
minerals calcite (with p; = 2.7) and scheelite (with p, = 6.0) to be classifying in water (p; =
1.0). From calculations, one obtains that in the laminar region d,/d, = 1.71 and in the
turbulent region d,/d, = 2.94. The free settling ratio for particles obeying Newton's law is,
therefore, larger than that for particles obeying Stokes’ law. It is also known that Newton's
law is obeyed by coarse particles and Stokes’ law by comparatively finer particles. All these
amount to saying that the free settling ratio is larger for coarse particles obeying Newton's
law than for fine particles obeying Stokes’ law. This means that the density difference be-
tween mineral particles has a more pronounced influence on classification at coarser size
ranges. This is an important consideration where gravity concentration is being used. Over-
comminution of the mineral matter should be avoided, and the particles should be fed to
the separator in as coarse a condition as feasible so that a rapid separation can be accom-
plished, thus exploiting the enhanced influence of the density difference. The increased
gravity influence does, however, imply that fine heavy minerals are more prone to be
overground in conventional ball-mill-classifier systems, so it is better where practicable to
employ rod mills for the primary coarse grind.

From the above two expressions for the ratio d,/d,, a general expression for the free
settling ratio can be written down as

4 _ (Pz —P3 ]n

d, P1 = P3

In the above expression, n is 0.5 for small particles obeying Stokes’ law and 1 for large
particles obeying Newton'’s law.

Hindered settling refers to a situation where settling takes place in a carrier liquid with a
high concentration of solids. In this situation the particles are so close together that colli-
sion among them is practically continuous, and the relative fall of particles involves re-
peated pushing apart of the lighter by the heavier particles. The system begins to behave as

a heavy liquid whose density is that of the pulp rather than that of the carrier liquid. Taking
the density of the medium now as 1.5 (instead of unity as in the previous case of free
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settling) and considering the minerals calcite and scheelite as before, the hindered settling
ratio in the laminar range for the particles obeying Stokes’ law is

d _ (6.0—1.5)1/2 _ 193
d, \27-15) 7

while in the turbulent range, for the particles obeying Newton's law, this ratio is

d _ (6.0 - 1.5) 3
d, \27-15

It is seen that these hindered settling ratios are larger than the corresponding free set-
tling ratios. This example also highlights the fact that hindered settling reduces the effect of
size, while increasing the effect of density on classification. This is an important point in
classifier design.

253
Particle Separation

Particle separation based on differential-settling methods utilize the difference in terminal
velocities that can occur between materials of different density. The density of the medium
is less than that of either material. The shortcoming of the method is that, since the mix-
ture of materials to be separated covers a range of particle sizes, the larger, light particles
settle at the same rate as the smaller, heavy ones. This gives rise to a mixed fraction. In
differential settling, both light and heavy materials settle through the same medium. This
method brings in the concept of equal-settling particles to which reference has already
been made in the previous section dealing with the phenomenology on particle settling in
aliquid. It may, however, be recounted that although a denser particle of definite size settles
faster than a less dense particle of the same size, a larger less dense particle can have the
same velocity as a smaller denser particle. It may also be recounted that a relationship
between the diameters of such equal-settling particles is found by assuming the terminal
velocity of material 1, vy, to be equal to the terminal velocity of material 2, v, (v; =v,). As a
consequence the general expression that is derived is shown below:

4 _(d-d, 1/(1+n)
d \di—d;

Particles of materials 1 and 2 whose diameters conform to the above equation are called
equal-settling particles:
If the particles settle in the Stokes’ law range, n = 1, and the equation above becomes

d_1_ d, — ds 0.5
d, \d —ds

which is same as shown earlier.
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The significance, in a separation process, of the equal settling ratio of diameters is shown
by Figure 2.11, in which curves of terminal velocities against particle diameters are plotted
for two components x and y, for Stokes’ law settling. Substance x is assumed to have the
higher density and a mixture of x and y particles in the size range indicated by 7-8 is
considered. It is observed that the slowest (and the smallest) particle of x moves faster than
the fastest (and the largest) particle of y; hence all material x will settle faster than all mate-
rial y. In this case separation is possible. On the other hand, a mixture of x and y particles in
the size range 1-6 is considered. In this case, it is apparent that the slowest x particle (of
diameter 1) is considerably slower than the fastest y particle (of diameter 6), and that every
particle of x in the size range 1-4 has the same velocity as a larger particle of y in the size
range 2-6. Thus, there are three fractions possible: (i) a fraction comprising entirely y, every
particle of which is in the size range 1-2; (ii) a fraction comprising entirely x, every particle
of which is in the size range 4-6; and (iii) an intermediate mixed fraction comprising x and
y particles, the x particles of which are in the size range 1-4, and the y particles in the range
2—-6. The heavier substance x can be considered to be scheelite, or alternatively, galena and
the lighter substance y to be calcite, of alternatively, quartz.

Inspection of the general equation shown above for equal settling particles shows that
the sharpness of settling is enhanced provided the density of the liquid medium is in-
creased. Since, in hindered settling, the apparent density of the medium p; is that of the
entire suspension and is greater than the density of the liquid itself, hindered settling is
more effective in separation than is free settling. The rate of hindered settling is less, how-
ever, than that of free settling. itis also clear from Figure 2.11 that intermediate fraction can
be decreased or eliminated by closer sizing of the feed. For example, if the size range of the
feed is from 7 to 8 in Figure 2.11, complete separation is feasible.

2.6
Classification

It will be recalled from the earlier section that classification is one of the sizing separation
processes, the other being screening. The two differ in that while screening does not take
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into consideration the specific gravity of the particles, it is as important a parameter as the
particle size in classification. Classification, generally, is a practice in which a material ag-
gregate of mixed sizes and different specific gravities is allowed to settle through a me-
dium, which may be either in motion or at rest, with the result that the material is separated
into two or more products. Differential settling causes the separation. The medium ordi-
narily used is water, though other liquids, and air or other gases may also be used.

The efficiency of a classifier is represented by a performance or partition curve, similar to
that used for screens, which relates to the particle size to the percentage of each size in the
feed that reports to the underflow. The most important industrial application of classifiers
is to reduce overgrinding in a mill by separating the milled product output into coarse and
fine fractions in order that the fines can be removed as they are produced and the coarse
returned for further comminution.

Classification is more suitable for particles in the finely divided state where screens per-
form poorly. A classifier may consists of a column with rising fluid and descending parti-
cles. Particles either sediment or settle (sink) or are carried upward with the fluid. This
phenomenon occurs based on the terminal velocities as discussed earlier. Particles un-
dergo either free or hindered settling depending upon the solid to fluid ratio. Classification
is pronouncedly influenced by density differences at coarser size ranges, and size differ-
ences play a dominant role at fine size ranges. Free settling conditions emphasize the influ-
ence of size. The hindered settling, on the other hand, emphasizes the influence of density.
Thus, the classifiers are capable of separating smaller heavier particles from larger lighter
ones, or relatively coarse from relatively fine particles.

2.6.1
Classifier Machinery

A common problem in both chemical and metallurgical practice is that of separating rela-
tively coarse particles, which are called sands, from a slurry of fine particles, which are
called slimes. The most common method is to use continuous settling equipment called
classifiers.

As representative examples of the various machineries used for classification mention
may be made of mechanical classifiers, hydraulic classifiers, and hydrocyclones. Simplified
sketches of these have been shown in Figure 2.12 (A-C).

2.6.1.1 Mechanical Classifiers

A typical mechanical classifier for coarse particles is shown in Figure 2.12 (A). In this de-
vice the settling vessel is an inclined through with a liquid overflow at the lower end. Slurry
is continuously fed to the trough at an intermediate point. The flow rate and slurry concen-
tration are adjusted so that the fines do not have time to settle but are carried out with the
liquid leaving the classifier. Larger particles sink to the floor of the trough, from which they
must be removed. Different types of classifiers differ chiefly in the means by which they
perform this. In the crossflow classifier in Figure 2.12 (A), the trough is semicylindrical, set
at an angle of about 12° with the horizontal. A rotating helical conveyor moves the settled
solids upward along the floor of the trough, out of the pool of liquid and up to the sands-
discharge chute.
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Figure 2.12 Some different types of classifiers:
(A) crossflow classifier; (B) hydraulic classifier; (C) hydrocyclone; (D) cyclone.

The classifier described above works very well with coarse particles where exact splits are
not needed. Typical applications are in connection with ball or rod mills for reduction to
particle sizes between 8- and 20-mesh. These classifiers have high capacities; they lift coarse
solids for return to the mill, so that auxiliary conveyors and elevators are not required.
There are other types of classifier that must be usual for close separations with fine parti-
cles. One such device is the centrifugal classifier; its action bears a strong resemblance to
that of the crossflow classifier, but the settling is greatly accelerated by the substitution of
centrifugal force for gravitational force.

The centrifugal classifiers may in the first instance be treated as one of the important
centrifugal settling processes for mechanical separations based on the motion of particles
through fluids. In centrifugal processes, during passage of the liquid through a centrifugal
bowl the heavier, larger solid particles are thrown out of the liquid. Finer, lighter particles
may not settle in the time available and be carried out with the liquid effluent. As in a
gravity hydraulic classifier, solid particles can be sorted according to size, shape or specific

gravity.

2.6.1.2 Hydraulic Classifiers
Hydraulic classifiers are devices that are characterized by the use of water additional to that
contained in the feed pulp, and introduced so that its direction of flow opposes that of the
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settling particles. These classifiers contain a number of vertical sorting columns in each of
which a current of water is made to rise, as shown in Figure 2.12 (B). When an ore pulp is
brought above one of these columns, those particles whose terminal velocities are greater
than the upward velocity of the rising water sink in the column and are discharged as a
spigot product at the bottom of the classifier. A series of spigot products can be obtained by
making the pulp flow through a launder over a series of such sorting columns, in which
rising water has successively smaller upward velocities. The fraction (slime) which is in a
finely divided state and does not settle in any of the sorting columns overflows at the end of
the classifier. Based on the conditions of settling, hydraulic classifiers are grouped into free
settling and hindered settling types. Generally, the pulp densities in the sorting columns
decide the settling condition: free or hindered settling. A free settling classifier is character-
ized by the fact that the sorting column is of the same cross-sectional area throughout its
length. A hindered settling hydraulic classifier, on the other hand, is characterized by the
fact that the sorting column is constricted at the lower end. Free settling as well as hindered
settling classifiers may be again grouped into two categories: launder-type and tank-type. In
contrast to mechanical classifiers which mostly give two products, hydraulic classifiers yield
several products. The principal use of these classifiers is in the preparation of feed for
concentrating tables, since a table operates well with a feed that has been classified. These
classifiers are effective for coarse material and are not meant for fine material (size range:
—100 mesh and finer).

2.6.1.3 Hydrocyclones

The hydrocyclones are primarily regarded as nonmechanical sedimentation-type clarifying
units. They have no moving parts, and they have become the workhorse of most mineral
operation because of their simplicity, short residence time, compactness, and low cost of
operation. A cyclone separator is the device most intimate with a hydrocyclone. These two
do not differ in any major way in construction, operation and principles except for the fact
cyclones operate on solids in gases (Figure 2.12 C) whilst hydrocyclones operate on solids
in liquids (Figure 2.12 D). They both belong to the category of centrifugal separators. A
typical hydrocyclone consists of a short cylindrical section (the vortex chamber) closed at
one end and fitted with an axially mounted overflow pipe (the vortex outlet) protruding into
the body of the cyclone (Figure 2.12 D). There is a tangential feed opening as shown. A
conical section is connected at the other end of the cylinder and terminates in a circular
opening at its apex. For operation, a suspension of solid particles in a liquid is introduced
under pressure through the feed opening. The tangential entry induces the liquid to spin
within the cyclone, and the design of the apparatus results in a portion of the liquid (to-
gether with the faster-settling particles) being discharged through the apex opening. The
remainder of the liquid, together with the slower-settling particles, is discharged through
the vortex outlet.

A considerable interaction among particles generally occurs in a classifier. As has been
pointed out, the operation of the separation process is influenced by particle size as well as
by particle density. This implies that the heavy fraction is an admixture of large particles of
minerals, large particles of gangue, and smaller mineral particles. A classifier is suitable for
open-circuit operation in which the product is to be subjected to another process such as
tabling, where the large-gangue particles can be separated. The application of hydraulic
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classifiers in conjunction with tabling is an example in this context. While talking about the
mechanical classifier and the hydrocyclone, it may be mentioned that the latter installation,
including its feed pump, requires lower capital costs and less floor space. A hydrocyclone
generally produces an overflow product of higher solids content as compared with that of a
mechanical classifier. These advantages of the hydrocyclone have to be weighed against
certain advantages gained by using the mechanical classifier. The latter requires less power
and lower maintenance cost than the hydrocyclone and its feed pump. The underflow prod-
uct from a mechanical classifier, because of its very nature of operation, contains less un-
dersize particles than a comparable product from a hydrocyclone. This justifies the applica-
tion of a mechanical classifier in conjunction with a tumbling mill when classification by
size alone is desired for a closed-circuit grinding. It should be mentioned that when a
sharper separation is desired between mineral and gangue, methods other than classifica-
tion must be adopted.

2.7
Screening

Screening (continuous, commercial) and sieving (batch, laboratory test generally confined
for size determination) are essentially mechanical separations of particles based on size,
accomplished by using a perforated surface that serves as a go-no-go gauge. Both proc-
esses, like all other separation processes, have the drawback that a complete separation is
seldom obtained, and some potential oversize/undersize particles are always left in the
undersize/oversize fraction.

In industrial screening the solids are dropped onto, or thrown against, a screening sur-
face. The undersize, or “fines”, pass through the screen openings while the oversize, or
“tails”, do not. A single screen can make only a single separation into two fractions. These
are called unsized fractions, because although either the upper or the lower limit of the
sizes of the particles they contain is known; the other limit is unknown. Those materials
passed through a series of screens of different sizes are separated into sized fractions, i.e.,
fractions for which both the maximum and the minimum particle sizes are known. Al-
though wet screening is carried out sometimes, dry screening is much more commonly
used.

Screening is generally carried out on relatively coarse material, primarily due to the poor
efficiency with fineness. Fine screens are very fragile and expensive, and tend to be blinded
rather easily with retained particles. Screening is, therefore, performed on substances over
250 um in size. Although classification generally works well with finely sized materials, the
dividing line between screening and classification methods depends on a number of fac-
tors, such as the type of ore, the plant throughput and certain others. The trend towards
finer crushing prior to grinding has also imposed the need to use screens that have the
capability of recovering fine products at high efficiency and capacity. To the mineral indus-
try the main purposes of screening are: (i) prevention of the entry of undersize into crush-
ing units in order to increase their capacity and efficiency; (ii) prevention of oversize sub-
stance from passing on to the next stage in closed circuits fine crushing and grinding
operations; (iii) preparation of a closely sized feed for some gravity concentration proc-
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esses; and (iv) production of a closely sized end product (this is of considerable importance
in quarrying, where the final product size is an important aspect of the specification).

2.7.1
Passage of Particles

The rate of passage of undersize material through a screening surface depends on many
factors such as: (i) the absolute size of the opening; (ii) the ratio of open surface area to the
total surface; (iii) the relative size of the particle as compared to the size of the opening; (iv)
the angle and the speed at which the particle strikes the screening surface; and (v) the
moisture content of the material. The main objective of screen design is to obtain a separa-
tion unit that permits the passage of as great a proportion of undersize as possible at the
highest possible rate per unit of surface.

The passage of particles through a screen aperture is primarily a statistical problem.
When a particle is presented to the screen, it may strike the screen frame rather than pass-
ing through the aperture. The probability, P, of a spherical particle of diameter, d,, passing
through an aperture, assuming that the particle does not touch the screen surface before
passing through, can be calculated from geometrical considerations. If a square aperture
has a side of length, D,, and if the thickness of the wire surrounding the aperture is Dy, it
can be shown that

(o]
D, + D,

The probability of passage decreases as the particle size tends to approach the size of the
aperture. Thus, to ensure that efficient screening of particles takes place, many opportuni-
ties to pass through the screen must be provided to them. This is accomplished by moving
the screen. For efficient screening both horizontal and vertical movements are required.
The vertical movement is intended to lift the particles out of the blocking positions in the
apertures and the horizontal movement ensures that when the particles fall they are pre-
sented at different positions on the screen surface. For any given aperture size the opti-
mum conditions of the horizontal movement (vibration frequency) and the vertical move-
ment (stroke) of the screen are related.

2.7.2
Ideal and Actual Screens

An understanding of the process of screening requires that ideal screening and actual screen-
ing are studied comparatively. The aim of a screen is to receive a feed consisting of a mix-
ture of particles of different sizes and separate it into two fractions, an underflow that is
cleared through the screen, and an overflow that is refused by the screen. Either one, or
both, of these streams may be a “product”, and in the presentation that follows no discrimi-
nation is made between the overflow and underflow streams.

An ideal screen in essence sharply separates the feed mixture in such a fashion that the
smallest particle present in the overflow would be just bigger that the biggest particle present
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in the underflow. Such an ideal separation defines a cut diameter D, which points the
separation between the fractions. The cut diameter D, for convenience, is chosen to be
nearly equal to mesh opening of the screen.

The performance of an ideal screen in terms of the screen analysis of the feed is shown in
Figure 2.13 (A). The cut point is the point C in the curve. Fraction A comprises all particles
bigger than D, and fraction B comprises all particles smaller than D,,.. The fractions A
and B are the overflow and underflow respectively. Screen analyses of the ideal fractions A
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Figure 2.13 Ideal versus actual screening. (A) Ideal screening; (B) screen analysis of
products from ideal screening; (C) actual screening; (D) mass balance across a screen.
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and B are plotted in Figure 2.13 (B). The first point on the curve for B has the same abscissa
as the last point on the curve for A, and there is no overlap of these curves. In these figures
the diameter D, increases from right to left.

Actual screens do not or provide an incisive separation. Rather, the screen analyses of the
overflow and the underflow are like those shown in Figure 2.13 (C). The overflow contains
a good amount of particles smaller than the desired cut diameter, and the underflow con-
tains particles bigger than the cut diameter. The two curves overlap, as shown in Figure
2.13 (C). It may also be added that the mass of the two outgoing streams will not equal the
individual masses of A and B unless it occurs that the undersize material in the overflow is
equal to the oversize material in the underflow.

The closest separations are acquired by standard testing screens and with spherical parti-
cles. Even in this case, an overlap occurs between the largest particles in the underflow and
the smallest particles in the overflow. The overlap is particularly marked when the particles
are needlelike or fibrous, or where the particles tend to form collections or groups that act
as big particles. Some long, thin particles may hit the screen sidewise and be retained.
Industrial screens commonly provide poorer separations as compared to testing screens of
the same mesh opening while working on the same mixture.

2.7.3
Material Balances

The equations derived from consideration of material balances over a screen are found to
be useful in calculating the ratios of feed, oversize, and underflow from the screen analysis
of the three streams and knowledge of the desired cut diameter. Let F stand for the mass of
the feed flow, D for the mass of the overflow flow, B for the mass of the underflow flow, m
for the mass fraction of material, A in feed, mp, for the mass fraction of material A in the
overflow and my, for the mass fraction of material A in the underflow. The mass fractions of
material A are shown in Figure 2.13 (C). The mass fractions of material B in the feed, the
overflow, and the underflow are 1 - myg, 1 - mp, and 1 — my respectively. Since the total
material fed to the screen must exit either as underflow or as overflow,

F=D+B
The material A in the feed must also exit in these two streams, and
FmF=DwmD+ BmB

The elimination of B from these two foregoing equations gives the following:

mp — mMp

o

mp — Mg

Likewise, the elimination of D results in the following relationship:

Mp — Mg

|

mp — Mg
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2.7.4
Screen Efficiency and Capacity

The performance of screens is assessed on the basis of two criteria: efficiency, and capacity.
The screen efficiency of a screen (known also as effectiveness of a screen) is a measure of
the success of a screen in closely separating materials A and B. Provided the screen works
perfectly, all of material A would be in the overflow, and all of material B would be in the
underflow. An usual measure of screen effectiveness is the ratio of oversize material A that
is actually in the overflow to the amount of A entering with the feed. These amounts are
D mp, and F my, respectively. Thus
Ej, = D mp
F mg
where E, the screen effectiveness based on the oversize. In a similar way, Ej, the screen
effectiveness based on the undersize is provided by

B (1 — my)

E =
BT F (- myp)

Defining the product of the two individual ratios as the combined overall effectiveness

and denoting it by E, one has the following relationship:

_DBmp (1 —mg)

E 2

Substituting D/F and B/F from the earlier equations into the above equation, the final
relationship is obtained as:

(mg — mg) (mp — mg) mp (1 — mp)

E= 2
(mp — mg)” (1 — mg) mg

In industrial screening, capacity is important in addition to efficiency. The capacity of a
screen is measured by the mass of the material fed per unit time to unit area of the screen.

Efficiency and capacity oppose each other, and in order to obtain maximum efficiency the
capacity must be small. A large capacity is achievable only at the expense of a reduction in
efficiency. In practice, a reasonable balance between capacity and effectiveness is struck.
Although accurate correlations are not obtainable for judging or calculating these operat-
ing characteristics of screens, certain principles apply, and these can be used as guidelines
in grasping the basic features of screen performance.

The capacity of a screen is controlled simply by varying the rate of feed to the unit. The
effectiveness obtained for a given capacity depends on the nature of screen performance.
The overall likelihood of the passage of a given undersize particle depends on the number
of times the particle hits the screen surface and the chance of passage during a single
contact. If the screen is overloaded, the number of contacts is small, and the likelihood of
passage on contact comes down due to the intervention of the other particles. The improve-
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ment in effectiveness accomplished at the expense of capacity is a consequence of more
contacts per particle and a better chance of passage on each contact.

In an ideal situation a particle would have the greatest probability of clearing through the
screen if it hits the surface in a direction normal to the surface, if it were so oriented that its
minimum dimensions were parallel with the screen surface, if it were unobstructed by any
other particles, and if it did not cling to (or wedge into) the screen surface. None of these
conditions apply to actual screening, but this ideal situation can be employed as a basis for
judging the influence of mesh size and wire dimensions on the functioning of screens.

If the width of the wire in a screen were negligible in comparison with the size of the
screen openings, the wires would not meddle with the passing of the particles, and practi-
cally the entire screen surface would be active. The prospect of the passage of a particle that
hits the screen would then be nearly unity. In an actual screen the diameter of the wire, or
the fraction of the surface that is not in openings, is appreciable, and the solid meshes
strongly influence the functioning of the screen, especially by hampering the passage of
particles almost as large as the screen openings.

The probability of the passage of a particle through a screen depends on (i) the fraction of
the total surface represented by openings; (ii) the ratio of the diameter of the particle to the
width of an opening in the screen; and (iii) the number of contacts between the particle and
the screen surface. When these parameters are all constant, the average number of parti-
cles passing through a single screen opening in unit time is constant, independent of the
size of the screen opening. If the size of the largest particle that can pass through a screen
opening is taken to be equal to the width of a screen opening, both dimensions may be
represented by D, for a series of screens of different mesh sizes, the number of openings
per unit screen area is proportional to 1/ Dlz,C . The weight of one particle is proportional to
Df)c . The capacity of a screen, in mass per unit time, divided by the mesh size should be
constant for any specified conditions of operation. This is a practical rule of thumb.

The foregoing analysis is useful in analyzing the basics of screen functioning. In prac-
tice, however, a number of perplexing factors surface and those cannot be treated theoreti-
cally. Some of these upsetting factors are (i) the intervention of the bed of particles with the
motion of any one; (ii) binding; (iii) bonding of particles to each other; (iv) the cohesion of
particles to the screen surface; and (v) the direction of approach of the particles that is
oblique to the surface. When big and small particles coexist, the big particles are inclined to
segregate in a layer adjacent to the screen and thus prevent the smaller particles from
arriving at the screen. All these tend to decrease capacity and reduce effectiveness. An im-
portant factor is the moisture content of the feed. Either dry particles or particles running
in a stream of water screen more readily than do moist particles, which are likely to cohere
to the screen surface and to each other and to screen retardly and with difficulty. As the
particle size decreases, screening becomes progressively more difficult, and capacity and
effectiveness are, in general, low for particle sizes smaller than about 100-mesh.

2.7.5
Types of Screens

Most screens are characterized by the fact that the particles drop through the screen open-
ing by gravity. Few designs are found where the particles are pushed through by a brush or
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by centrifugal force. The key element in the screening method of particle sizing is obvi-
ously the screening surface, the medium that contains the apertures for the passage of
undersize material. This surface must be: (i) strong enough to support the material meant
to be screened; (ii) flexible enough to cope up with the forces of vibration that it is subjected
to; and (iii) light enough to provide a reasonable amount of open area to yield a practical
throughput. The surfaces are of a variety of types, shapes, sizes, and materials of construc-
tion. The three general types of screening surfaces are: (i) woven wire cloth (woven out of a
wire of steel, copper, bronze, morel, or some other alloy); (ii) fabric, such as silk bolting
cloth; (iii) perforated plate (made of sheet steel punched by dies); and (iv) parallel bars or
rods (usually made of steel bars, steel rails, cast iron, or wood).

In the screening process, coarse particles drop quickly and easily through large openings
in a stationary surface. The screening surface must be agitated in some way with finer
particles. Common ways are by revolving a cylindrical screen about a horizontal screen; oz,
with flat screens, by shaking, gyrating, or vibrating them mechanically or electrically. In-
dustrial screens are of many types, but can be divided broadly into stationary and moving
screens. Typical examples of the stationary variety are the grizzly and sieve bends, while
those of the moving variety are revolving screens, shaking screens, reciprocating screens,
gyratory screens and vibrating screens.

2.8
Gravity Concentration

Gravity separation is a concentration separation process in which particles of mixed sizes,
shapes and specific gravities are separated from each other by the force of gravity or by
centrifugal forces. The nature of the process is such that size and shape classification is an
inherent part, in addition to separation on the basis of specific gravity — a feature from
which the process derives its name. This process of mineral concentration has occurred
widely in Nature, and the concentration of heavy minerals such as gold, platinum, cassiterite,
ilmenite, zircon, and diamonds in placer or beach sand deposits are examples that can be
cited in this context. Gravity concentration dates back to the early days of mineral process-
ing, and can be credited to be the first mineral concentration process used in situations
where selective mining and hand-sorting methods were no longer adequate to produce the
quality of concentrate desired. The introduction of the flotation process has caused the
gravity concentration methods to lose much of their importance. However, nonsulfide ores
such as cassiterite, chromite and wolframite, and certain nonmetallics do not respond well
to economic flotation, and so gravity methods are still used for their treatment. The need
effectively to separate particles showing only small specific gravity differences and the need
to develop efficient, high-capacity devices for the treatment of mineral fines constitute the
two basic challenges that must be met adequately if gravity concentration techniques are to
be used more widely.

An estimate of the applicability of gravity concentration to the separation of a mineral
pair of differing specific gravity can be obtained by making use of what is called the concen-
tration criterion, which makes use of the ratio (p; — p,)/(p; — p,), Where p; is the specific
gravity of the heavy mineral, p; is the specific gravity of the light mineral, and p, is the
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specific gravity of the fluid medium. This criterion helps in gaining some idea of the type of
separation possible. In very general terms, when the absolute value of the ratio is larger
than 2.5, then gravity separation is relatively easy. As the absolute value of the ratio de-
creases, so does the efficiency of separation, and at values smaller than about 1.25 gravity
concentration is generally not feasible commercially.

2.8.1
Gravity Separation Machines

The devices used for the gravity concentration of minerals are many in number. Typical
examples include devices such as jigs, spirals, tables, and heavy medium separators.

2.8.1.1  Jigs

Jigs are mechanical devices used for accomplishing separation between materials differing
in their specific gravities. In order to understand the principle of separation by jigging,
reference may be drawn to the motion of a particle settling in a viscous fluid. The equation
of a motion of a particle settling in a viscous fluid is given as:

m dv =mg-m'g—-F
dt K
where, as indicated earlier, m is the mass of the particle, dv/dt is its acceleration, g is the
acceleration due to gravity, m’ is the mass of the fluid displaced, and Fp, is the drag force or
the fluid resistance opposing the downward movement of the particle. At the start of parti-
cle movement, since the velocity v is quite small, F, can be ignored as it is a function of
particle velocity. The equation of motion then simplifies to the following:

a )

dt m &

Since the volume of the particle is equal to the volume of the fluid it displaces the follow-
ing is the final relationship:

dv Py
|1
d [ Pl]g

where p, and p, are the respective specific gravities of the particle and the fluid.

This expression shows that, unlike the terminal velocity of the particle, its initial accelera-
tion is independent of the particle size and depends only on the densities of the solid parti-
cle and the fluid. This type of acceleration, known as differential acceleration, may be ex-
ploited by designing equipment which provides frequent opportunities for accelerating the
particles from rest. If a particle is allowed to accelerate from rest for a brief period of time
and then arrested and subsequently allowed to fall once more, the total distance travelled by
it will be influenced more by the differential acceleration and, therefore, by the specific
gravities of the particle and of the liquid, than by its terminal velocity, or in other words, by
its size. In this way, as the preferential movement of dense particles to the bottom of a bed
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of particles occurs, the bed becomes stratified and physical separation of the top and the
bottom fractions is possible.

The movement of individual particles in concentrated slurries is influenced by the move-
ment of neighbouring particles, and so the situation is different from that corresponding to
dilute slurries. In deriving the expression,

dv Py
—~ =1-r
dt ( pljg

it was assumed that as a particle falls through the fluid, it displaces the fluid in a direction
opposite to that of its motion. Neighbouring particles must, therefore, be moving in a mov-
ing fluid and this may act against the settling of the particles in the slurry. The magnitude
of this effect, referred to as hindered settling, is clearly dependent on the voidage of the bed.
Although hindered settling favours the settling of denser particles, the movement of parti-
cles can also be affected by differences in particle size. In order to improve the performance
of processes in which selection is on the basis of particle density, some form of size selec-
tion is necessary prior to density selection. The phenomenon of hindered settling plays an
important role in the jigging process.

Besides differential acceleration and hindered settling, a third process must be consid-
ered, and this becomes important when the bed begins to compact. At this stage the move-
ment of the larger particles tends to be restricted by the neighbouring particles. Small dense
particles, however, can still move downwards through the interstices between the large
particles under the influence of gravity. This leads to the recovery of fine heavy particles.
This stratification process is called consolidation trickling.

Considered all in all, there are therefore three different effects that contribute to the proc-
ess of stratification that operates in jigs. These are: (i) differential acceleration at the start of
descent; (ii) hindered settling; and (iii) consolidation trickling at the end of descent. A jig
essentially consists of a tank or hutch which is divided by a wall into two main sections
(Figure 2.14). One section contains the support screen, and a fluid pulse is generated in the
other. In operation, a mixture of ore particles supported on the screen is subjected to an
alternating rising and falling (pulsating) flow of fluid. The particles of high specific gravity
travel to the bottom (concentrate), while the particles of lower specific gravity (tailing) col-
lect at the top of the bed. The operation is carried out by continuously removing the light
tailing from the top of the bed to permit the layer of concentrate to build up. After a suffi-
cient quantity of concentrate has accumulated, it may be removed manually or automati-
cally. The layer of large heavy particles at the bottom of the bed controls the rate at which
the fine concentrate particles penetrate and percolate through the bed to the hutch. In
some cases there are enough coarse heavy fractions to provide this layer. With fine materi-
als itis necessary to provide an added layer of coarse heavy material to form the bed, and so
an artificial bed or ragging is used. This is made of steel shot, lead shot, coarse galena, or
some other heavy material. In general, the ragging particles must be heavy enough to re-
main at the very bottom of the bed, but light enough for dilation on the upstroke. The size
must be greater than the screen openings and large enough to provide spaces between the
particles to permit smaller particles to percolate through on the down-stroke into the hutch,
and the entire concentrate is made in the hutch. Jigs do not usually produce in one opera-
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Figure 2.14 Essential features of jigging appliance.

tion a finished concentrate as well as tailing. They are normally used either to reject rock,
i.e., a tailing, and produce a middling for further treatment, or alternatively to make a mid-
dling and a finished concentrate.

Jigs are relatively cheap with regard to construction, operation, and maintenance, and are
relatively unaffected by the grade of the feed. They are basically designed for handling ma-
terial that is too coarse for table feed (380 mm in diameter down to 2 mm). The cleaning of
coal and the production of tin mineral concentrate can be cited as two major examples
where jigging is found to be in use even today.

2.8.1.2 Spirals

As in all the gravity concentration processes, spiral concentration is based mainly on spe-
cific gravity differences of the materials to be separated. The best known spiral-type concen-
trator is the Humphreys spiral concentrator. This appliance is composed of a helical con-
duit (commonly consisting of five turns) arranged around a vertical axis. The working of
the spiral starts with the slurry entering through a feed box and on to the spiral surface.
Once on the spiral surface, mineral grains settle and become sorted according to size, shape
and specific gravity. A specific gravity difference of 1.0 or more is required to make a sepa-
ration of different minerals.

Particles with the lowest specific gravity are carried with the water towards the outside
wall of the spiral. The spiral separates at its greatest efficiency when used in the size range
0f 10 to 200 mesh. Some particles will be recovered both above and below these size ranges,
but occasionally, ultrafine and very coarse heavies will be lost in the tailings, as will be
middlings or unliberated ore particles. The spiral will benefit, therefore, from the use of
hydraulic classification as a feed preparation step.

m
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Figure 2.15 (A) presents the cross-sectional profile regions of a spiral concentrator. As
shown, there are altogether six regions which can be distinguished. The first region con-
sists mainly of water and fine particles, most of which are “trapped” here from the dis-
charge of the feed box. The water in this region moves in a counter-clockwise direction. No
separation occurs in this region due to the low pulp density and the high velocity of the
slurry, which hinders any settling of dense particles. The second region is that with maxi-
mum water velocity and, therefore, is associated with the maximum centripetal force of the
water. Because there is no counter-force, the water moves down this plane and disrupts any
movement between the first and third regions. The third region is considered to be the
upper portion of the high velocity of the water and is carried towards the next region. The
fourth region is where the third and fifth regions overlap. This serves as a reference point to
the operator and assists in making adjustments. This allows for the maximum recovery of
the more dense particles without loss in grade. The fifth region is where the more dense
particles are encountered. The less dense particles in this region work themselves to the top
of the slurry bed and are then washed away by the water on the surface of this bed. This
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Figure 2.15 (A) Cross-sectional profile regions (for description of the regions marked refer text);
(B) spiral diameter versus application; (C) a view of the spiral concentrator.
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“washing away” of the less dense particles is enhanced by the washwater introduced into
the sixth region.

The spiral concentrator is one of the most effective, low-cost devices for the treatment of
ores. Manufactured from lightweight, corrosion- and abrasion-resistant materials, spirals
require a minimum of maintenance and upkeep. The list of spiral types includes wash-
waterless, washwater and coal/mica spirals. The wash waterless type is used in most appli-
cations, particularly for concentrating low-grade ores. The only water required is added
with the solids prior to introducing the feed onto the spiral. Concentrates are removed
either at the bottom, directly into the product box, or at several intermediate take-off points
down the spiral. Washwater spirals require extra water at stages down the spiral which
provides for more efficient washing of the concentrate and for transporting away silica or
other gangue materials. Units with diameters larger than those of the mineral spiral series,
known as coal/mica spirals, are designed to take advantage of the particle shape differ-
ences. Take off spitters at different points down the helix give this spiral a high capacity to
remove refuse or siliceous contaminants from coal or mica. Figure 2.15 (B) illustrates the
ranges of spiral diameters used for different applications.

Some examples of materials suitable for being subjected to spiral concentration are: (i)
beach sands that are processed for the recovery of chromite, ilmenite, rutile, zircon, tin,
and iron ore minerals; (ii) iron ores; (iii) some mica and phosphate rocks; (iv) tailings from
concentrating plants that carry heavy mineral components not amenable to processing by
flotation and other methods; and (v) some fractions of coal. The spiral concentrator is very
well suited for treating tailing streams. An outstanding example is that of a Colorado mo-
lybdenum ore processing plant where spirals recover tungsten, pyrite and tin concentrates
from huge amounts of flotation plant waste. There is no other known processing method
which can economically extract tin and tungsten values from this source. The crude ore
contains only 0.03% tungstic oxide (tungsten occurs as the mineral hubnerite) and a trace
of tin (tin occurs as the mineral cassiterite). A view of the spiral concentrator is shown in
Figure 2.15 (C).

2.8.1.3 Tables

A shaking table is a very useful concentrating device. It consists of a substantially plane
surface which is inclined slightly from the horizontal along its breadth and is shaken with
a differential movement in the direction of its length. This longitudinal movement usually
comprises a slow forward stroke, followed by a rapid return. The surface or the deck of the
table is washed by a stream of water flowing in the direction perpendicular to the direction
of motion and along the slope. When water flows over a flat inclined surface, as in the case
of a shaking table, it produces a flowing film. The velocity of water in this film varies with
the depth with respect to the film surface. In regions close to the table surface (i.e., furthest
from film surface) the motion of water is obstructed due to friction against the adsorbed
layer on the surface, whereas in regions close to the film surface there is no such obstruc-
tion. As a result of this, water velocity decreases with increasing depth in the film. This
implies that a very small particle would not wash down the table surface as rapidly as a
larger particle of the same density because it would be submerged in the slower-moving
regions of the film. Likewise, if two equal-sized particles of different densities are placed in
the flowing film, the heavier particle will be washed down more slowly because it will have
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a greater tendency to sink in the film. Thus, the effect of the flowing film of water on the
shaking table on the motion of particles placed on it would depend on the sizes and the
densities of the particles. Any mineral particle on the table will be subjected to two mutu-
ally perpendicular forces-one along the length of the table (due to the motion of the table)
and the other down the slope of the table. It follows that under the action of these forces the
particles would move diagonally across the deck. If a mixture of particles is fed to the upper
right-hand corner of the deck, they would fan out and gradually move towards the lower
left-hand corner, arranging themselves according to their sizes and densities. An idealized
arrangement of such particles is illustrated in Figure 2.16. The larger, low-density particles
would traverse the maximum distance in the direction of the flowing water stream and
would constitute the tailings while the smaller, high-density particles would traverse the
minimum distance and constitute the concentrate. The middlings would be made up of
high density particles which are large in size and low-density particles which are small in
size. Thus, the shaking table is very efficient in separating small particles of heavy minerals
from large particles of light minerals.

In modern types of shaking tables, the deck is generally provided with a number of thin
wooden strips or riffles. In the most common arrangement, the riffles are placed parallel to
the length of the table. Usually they are made thickest near the feed end and taper down
toward the discharge end. Since the riffles lie parallel to the direction of motion of the table,
the water film flows across them. Depending on the nature of the material being handled,
the riffles may cover the entire table surface or only a part of it.

The shaking action of the table causes the minerals to stratify in the spaces between the
riffles, with the light minerals rising to the top and the heavy ones sinking to the bottom.
The former are exposed to the flowing water film while the latter travel along the length of
the table, parallel to the riffles.

Wash water Feed zone
A

v vo b v b b4+ v v 0 v 4
N

Middlings ~——- /

Concentrate . -
Tailings . .
Direction of
movement
along deck

1 A

Figure 2.16 Idealized arrangements of particles on a shaking table:
a = smaller, higher-density particples; b = high-density particles, large in
size and low-density particles, small in size; c = lesser, low-density particles.
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The flow of mineral particles on the deck of a riffled table results in a distribution that is
essentially similar to that obtained with a smooth table. However, some additional features
are introduced due to the action of the riffles. In the case of a smooth table, a hydraulically
classified fraction usually makes a better feed as compared with an unsized mixture. How-
ever, a classified feed does not always work best on a riffled table, and screen-sized or unsized
feed is often used. The maximum particle size that can be treated in a riffled table is gener-
ally larger than that corresponding to a smooth table.

2.8.1.4 Heavy Medium Separators
Heavy medium separation involves the following stages:

e introduction of a suitable feed;

e separation into floats and sinks in a bath containing dense media;

withdrawal of products, and removal from them of adherent dense media; and
e cleaning, reconstitution, and return to bath of clean dense media.

These stages are usually merged into a continuous process. The process performs one or
more of the following functions: (i) production of a finished waste product and an enriched
concentrate for further concentration; (ii) production of a finished concentrate and a
rejectable waste; and (iii) production of a finished concentrate and a low-grade reject, plus
a middling for additional treatment.

The feed must not contain colloidal minerals, primary slimes, or fine ores. The separa-
tion process depends neither on the rate of fall nor on the particle size, but only on the
particle density. The process is most widely applied when the density difference is pro-
nounced at a coarse particle size, since the separation efficiency decreases with decreasing
particle size due to the slower rate of settling of smaller particles. It is preferable that the
particle size be greater than about 10 mesh, in which case separation can be effective even
on a difference in specific gravity of 0.1 or less. The dense media can be of three types: (i)
solution of salts in water; (ii) organic liquids; and (iii) suspension of solids in water. Among
these the third type is the industrially accepted one. The substance chosen to provide the
dense medium should have the following main qualities: (i) it should possess adequate
hardness in that it should not easily break or wear down into a slime under the working
conditions; (ii) it must not be chemically corrosive, or liable to react with the ore minerals
undergoing treatment; (iii) it must form a fairly stable pulp without having to be ground
very fine, or the medium would be too viscous; (iv) it should have a specific gravity high
enough to provide the required bath density under reasonably nonviscous conditions, (v) it
must lend itself to easy cleaning; and (vi) it should be nonfouling (a certain amount of the
medium stays in the cracks and crevices of the lumps of the cleaned and washed ore, and it
must not be of such a composition as to adversely influence the subsequent treatment due
to be applied to the ore).

Among the dense media the best which are able to meet the requirements cited above
are galena, magnetite, mill scale, ferrosilicon, pyrites, and sand. The most widely used
substance now is ferrosilicon. With a silicon content of 10% the material has a specific
gravity of 7.0, and with 25% silicon the specific gravity is 6.3. When the silicon content
exceeds 22% it is feebly magnetic, and at silicon contents below 15% the material becomes
prone to rusting. Ferrosilicon containing 15% silicon does not rust and has good mag-
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netic qualities, lending itself to regeneration by magnetic separation. Ferrosilicon contain-
ing about 15% silicon can be used to prepare dense media with specific gravities upto
3.5, but the more usual working range is 2.5 to 3.2. Where the separation is to take place
between particles of specific gravities of 2.65 and 2.9, the ferrosilicon is usually ground to
-100 mesh and is mixed with between 10% and 20% of magnetite. At higher working
ranges of the bath density (above 3.0), —65 mesh ferrosilicon is used. As an example of
other substances used for making dense media, reference may be drawn to galena. In the
pure state it can provide a bath density of about 4.0. Above this level, ore separation is
found to slow down by the viscous resistance. Froth flotation (which is a costly process)
when deployed to clean the contaminated medium, is found to be not without problems.
Galena is fairly soft and tends to slime easily; it also has a tendency to oxidize. All these
effects adversely influence the flotation efficiency. On account of this, galena — which was
used earlier for making heavy media — is now confronted with a tendency towards an in-
creased use of magnetic materials. Magnetite is used where bath densities below 2.5 are
suitable. This is rather low for many uses, but magnetite is increasingly being used in
cleaning coal.

Cleaning the media, together with the regulated return of the cleaned media adjusted to
the correct bath density, constitute the critical control parameter in the heavy media separa-
tion process. The usual sequence of operations consists of: (i) drainage of media from ore
leaving the bath; (ii) washing of ore products to remove the balance of adherent media; (iii)
collection of foul media, and cleaning it by a suitable process (flotation for galena, mag-
netic separation for magnetic media, hydraulic separation for sands); and (iv) reconstitu-
tion and return to circuit of reclaimed media.

The most important application of this method is in coal cleaning where the low-ash coal
is removed from the heavier high-ash discard and the associated shales and sandstones.
There are three basic types of vessels that are commonly used for carrying out heavy media
separation; these are: (i) cone-type vessel; (ii) drum-type vessel; and (iii) trough-type vessel.
The cone- and the drum-type vessels have been used extensively in treating high-gravity
solids such as iron ores and lead-zinc ores. The trough type vessel is used in coal treatment.
A cone type vessel for coal washing, using sand suspension in water as the heavy medium,
is shown in Figure 2.17.

29
Magnetic Separation

It may be recalled from the first chapter that one of the ways of classifying materials is
based on their magnetic characteristics. On this basis, materials can be classified into two
broad categories: (i) paramagnetic materials; and (ii) diamagnetic materials. Paramagnetic
materials exhibit positive magnetization, implying thereby a greater magnetic flux density
in the material than in the applied field. In contrast, the diamagnetic materials exhibit a
negative magnetization, implying thereby a lower magnetic flux density in the material
than in the applied field. Very strongly paramagnetic materials can be regarded to belong to
a separate category called ferromagnetic materials. In an applied magnetic field, the mag-
netization of ferromagnetic materials changes until saturation magnetization is reached. If
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Figure 2.17 A simplified sketch of heavy medium separator for coal cleaning.

the applied field is reduced, the magnetization decreases but does not revert to its original
value. Such a nonreversible process of magnetization is called hysteresis. The residual
magnetization of the material is called magnetic remanence. The main ferromagnetic min-
eral is magnetite, but among other minerals, only pyrrhotite is attracted to a bar magnet.
There are a number of other minerals which possess sufficient paramagnetism to be po-
tentially amenable to magnetic separation. The list of such minerals includes magnetic
minerals such as chromite, garnet, hematite, ilmenite, siderite, and wolframite, and weakly
magnetic minerals such as spinels, including franklinite, and the constituents of monazite
sands. The capacity of a magnet to lift a particular mineral depends not only on the value of
the field intensity, but also on the field gradient (the rate at which the field intensity in-
creases towards the magnet surface). Since paramagnetic minerals have higher magnetic
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permeabilities than the surrounding media (usually air or water) they concentrate the lines
of force of an external magnetic field. The higher the magnetic susceptibility, the higher is
the field density in the particle and the greater is the attraction up the field gradient towards
increasing field strength. Diamagnetic materials have lower magnetic susceptibility than
the surrounding media and hence expel the lines of force of the external field. This expul-
sion is in the direction down the gradient of the field towards decreasing field strength. It is
understandable, therefore, as to why the magnetic property of the greatest interest to min-
eral processing engineers is the magnetic susceptibility. Magnetic separations depend on a
particle magnetic susceptibility in a magnetic field. The force, F, acting on a particle is
proportional to the product of the field strength, H, and the field gradient dH/d! (i.e.,
F < H dH/dI). For producing a given lifting force, there are thus a large number of available
combinations of field and gradient which will yield the same effect. The production of a
high field gradient as well as a high field intensity, therefore, becomes an important design
consideration in magnetic separators. In order to attract and hold a paramagnetic particle,
a high magnetic field as well as a high gradient are required to be produced by suitably
designed separators.

Besides the incorporation of a high field gradient, a magnetic separator design should
have:

e A provision for regulating the intensity of the magnetic field to deal with various types of
material, this being achieved in electromagnetic separators by changing the current, and
in separators using permanent magnets by varying the interpole distance.

e A provision for the collection of the magnetic and the nonmagnetic fractions.

In the context of the second provision it may be pointed out that the magnetics are not
allowed to contact the pole pieces because this would create the problem of detachment.
The design provides for the magnetics to get attracted to the pole-pieces, and to make physi-
cal contact with a conveying device which transports them out of the influence of the field
and puts them into a bin or a belt. Apart from all these, some other important elements in
the design of a magnetic separator are: (i) control of passage of ore through the magnetic
field; (ii) avoidance/correction of occlusion of nonmagnetic material between or within
magnetic flocs; and (iii) elimination (or reduction to a minimum) of moving parts. Elabo-
rating on the second point listed it may be added that in a magnetic separation device the
particles themselves behave as magnets, resulting in mutual attraction. This leads to
flocculation, or agglomeration of the particles, especially if the particles are small and pos-
sess high values of susceptibility, and if the field is intense. The separating machine design
must attend to this aspect because these magnetic flocs can entrap gangue and can bridge
the gaps between magnet poles, thereby adversely affecting the efficiency of separation. In
dry separating machines which work on finely sized material, flocculation is of consider-
able concern. This effect is less serious if the ore is fed into the magnetic field in one layer.
This, however, reduces the capacity of the machine drastically. Flocculation can be mini-
mized by passing the material through consecutive magnetic fields, which are usually ar-
ranged with successive reversal of polarity. This causes the particles to turn, and the turn-
ing action frees entrapped gangue particles. However, this procedure suffers from a major
disadvantage in that the flux tends to leak from pole to pole, and this cuts down the effective
field intensity.
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2.9.1
Magnetic Separators

Magnetic separators are commonly classified into two broad categories: dry, and wet. De-
pending upon the strength of the magnetic field used, each is further categorized into low
intensity and high intensity. In addition to these four types there is also a type identified by
its application for tramp iron removal. Bulk materials often contain varying amounts of
unwanted ferrous-type materials (nails, bolts, machinery parts, etc.), and it is necessary to
remove these in order to provide protection to the magnetic separation machinery. One of
the simplest and most easily installed tramp iron protection devices is a magnetic pulley.

The family of dry magnetic separators as has been mentioned consists of low- and high-
intensity separators.

The high-intensity dry magnetic separators group may be cited as consisting of induced
roll, crossbelt and ring-type separators.

In order to illustrate how magnetic separation in a dry category functions, we can con-
sider the details of a low-intensity dry magnetic separator. This separator generally makes
use of a rotating drum inside which are stationary permanent or electromagnets. The mag-
nets are generally oriented axially and are equally spaced with alternating polarity so that a
tumbling action is introduced in the particles. This turning-over action of the magnetic
particles helps in releasing any nonmagnetic particles physically trapped in them. With
devices of this type it is possible to recover a middlings fraction. The middlings particles are
less strongly attracted by the magnetic force than the concentrate particles, and hence may
be made to fall into product streams between the concentrate and the tailings streams.
These middlings are generally composed of partially liberated particles and contain both
magnetic and nonmagnetic components. Since grinding is expensive, it is usually eco-
nomical to treat the entire starting resource initially with a dry drum separator, and then to
regrind the middlings prior to retreating them magnetically. The separators are built in
various models that differ in the field strength and the number of poles used. The standard
intensity magnetic separators are mainly used for ferromagnetic materials (magnetite).
They are also used for paramagnetic materials with high magnetic susceptibility.

Like dry magnetic separation, wet magnetic separation is practiced at two levels: low and
high intensity. Low-intensity wet magnetic separators use drums for separation and com-
prise basically three types: co-current, counter-rotation, and counter-current. In the co-cur-
rent type, the slurry feed is passed through a trough in the same direction as the direction
of rotation of the drum. Whilst the nonmagnetic particles sink in the trough, the magnetic
fraction is carried on the drum surface to a point where it is taken off into a separate process-
ing stream. A high-grade concentrate is produced by this separator. However, tailings con-
tain significant amounts of magnetics. In the counter-rotation type, the feed flow takes
place in the direction opposite to the direction of drum rotation. In the counter-current
type, the tailings are freed to travel in the direction opposite to that of drum rotation and are
discharged into the tailings chute.
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2.9.2
Principles

In a dry drum-type magnetic separator, the magnetic force, F,, acting on a particle on the
drum surface is given by

2
En:3anB
Ho O R

where v is volume fraction of ferromagnetics in the particle, Vis volume of the particle, Bis
the magnetic induction at the drum surface, y, is the magnetic permeability of free space,
0 is the angular spacing between the magnet poles, and R is the drum radius.

The centrifugal force, F,, acting on the particle is given by

F.=p V'R

where p is the average density of the particle and o is the angular velocity of the drum.
There exists a critical angular velocity at which F,,, equals F. and this critical value, o, can
be found, by equating the expressions for F,, and F,, to be
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The above relationship can be expressed as
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where N, is the critical rotation speed and D the drum diameter.

Since F,,, and F. are both proportional to the particle volume, the particle size does not
figure in the above relationship for the critical rotation speed. This means that the dry
drum type magnetic separator can be used in the treatment of a feed containing particles
with a wide range of sizes.

The expression for N, highlights several interesting features regarding the standard in-
tensity dry magnetic separator. A large value of N, is desirable, while a faster speed of
rotation allows a greater feed rate while keeping a constant depth of material on the drum.
Moreover, the greater the speed at which the drum can be rotated without detachment of
high-grade particles, the greater the centrifugal force applied to remove fine particles of
gangue attached to the drum and to the magnetic particles. The expression for N, indicates
that it can be increased by: (i) increasing B; (ii) decreasing 0; and (iii) decreasing D. The
characteristics of the material of the permanent magnet used limits B. The capacity of the
separator is adversely influenced by reducing D. The most attractive way to increase N. is
by decreasing 6. Reducing 6 by increasing the number of poles has the added advantage of
increasing the degree of agitation applied to the chains of magnetic particles which tend to
form between adjacent poles, thus enhancing the probability of the release of trapped gangue
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particles. However, if is reduced beyond a certain point, there is a significant reduction in
B.1tis, therefore, necessary to work with an optimum value of which is usually determined
by empirical tests.

In the case of a high-intensity wet magnetic separation process, the principal force acting
to resist particles from being captured in the matrix is the fluid drag force, F,, which is
given by the expression:

Fp=3mnmdV

where 1 is the fluid viscosity, d is the diameter of the particle, and V is the fluid velocity.
The magnetic force, Fy;, as calculated for the case of a matrix made up of isolated,uniformly
magnetized spheres, is given by the expression:

Fy :%nuosff r_lM(HO +§M)

where S is the magnetic susceptibility of the particle,  is the sphere radius (matrix size), M
is the magnetization of the sphere (matrix magnetization), and H, is the externally applied
magnetic field.

It is seen from the two relationships given above that Fy, is proportional to d* while Fy, is
proportional to d. This implies that small particles experience more difficulty with regard to
collection in the matrix. The smallest particle that can be held by the matrix can be found
out by equating Fj, and F,; and solving for d. The expression obtained is
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This expression gives clues as to how recovery can be increased (i.e., the minimum size
of the recovered particles can be reduced). It can be done by decreasing V, decreasing r,
increasing M, or increasing H,,. It is also important to gain an appreciation of the other
consequences of changing these variables. Decreasing Vleads to a lower capacity and more
physical trappings on account of the washing action being less vigorous. Decreasing r brings
about the following changes: (i) the collection surface area increases; (ii) the maximum and
the average field gradients increase in inverse proportion to r (the magnetic force increases
as long as the dimensions of the matrix are larger than those of the particles); (iii) the
magnetic permeability is altered; (iv) the permeability to fluid flow comes down; and (v) the
matrix becomes more difficult to penetrate with wash water. Increasing H,, implies in-
creased electric power consumption. Further, M increases as a function of H,, only until
saturation is attained. With a given matrix, therefore, there is a maximum value to which
H,, can be increased; increments beyond this are not economically justifiable since they do
not cause M to increase.
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2.10
Electrostatic Separation

Every mineral conducts or takes an electric charge on its surface if brought into contact
with a source charged to a sufficiently high electrostatic potential. The readiness with which
minerals do this varies widely, and it is upon these differences that the technique of electro-
static separation depends. In general, electrostatic separation is applied as a concentration
process for only a small number of minerals. However, the process has proved to be highly
successful, wherever applied. It is often combined with gravity and magnetic separation
processes. Gravity separation is used to remove silica and produce a bulk concentrate; a
combination of electrostatic and magnetic methods of separation is then used to separate
the valuable minerals contained in it. Table 2.7 shows for a number of minerals the combi-

Table 2.7 Some characteristics of minerals utilized in separation processes.

Nonconductors (pinned)®

Conductors (thrown)?

Magnetic Weakly Non- High Magnetic Weakly Non-
magnetic magnetic magnetic magnetic magnetic
Monazite  Bastnasite Scheelite Magnetite Ferberite Wolframite  Gold
(4.9-54)9  (4.9-5.2) (5.9-6.1) (5.5-6.5) (6.8) (7.1-7.9) (12.0-20.0)
Xenotime  Epidote (3.5) Zircon [Imenite Ilmenite Columbite-  Copper (8.9)
(4.5) Olivine (3.4) (4.6-4.7) (high iron) (4.5-5.0) tantalite Galena
Garnet Tourmaline Barite (4.5) (4:5-5.0) Davidite ( '0_8'0)' (7.4-7.6)
(3.4-3.7) (3.0-3.2) Corundum (#5) SsarsnaGrssklte Cassiterite
Siderite  \fica (biotite)  (3-941) (3.5-65) (6.8-7.1)
(3739 (2733 Kyanite (3.5) Euxenite  pyyite
(5.4-6.0) 4957
Topaz (3.4) ) (4.9-5.2)
Sillimanite Psleélj gt(l)te Molybdenite
(3.5-3.7) G060 47-43)
Chromit .
Fluorite (3.2) “ 1ri>;n11)e Rutile (4.2)
Mica o Chalcopyrite
(muscovite) (+.1-4.3)
(2.8-2.9) Limonite
Beryl (3.6-4.0)
(2.6-2.8) Diamond
Feldspar (3:5)
(2.6) Graphite
Calcite (2.7) (21-2.3)
Quartz
(2.65)
Sulfur
(2.0-2.1)

a) Pinned to electrostatic (high-tension) separator surface.
b) Thrown from electrostatic (high-tension) separator surface.
c) Number in parenthesis under each mineral show the density.
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nations of density with conductivity and magnetic properties that can be used to obtain a
separation. Starting with a mixture of any of the minerals given in Table 2.7, it may be
assessed whether or not they can be separated by electrostatic, magnetic, or gravity meth-
ods and whether the use of any single method or of a combination of methods is called for.
For example, if the minerals appear in different columns in the table, they may be sepa-
rated by electrostatic and/or magnetic methods only. On the other hand, if the minerals
appear in the same column, they can be separated by gravity concentration if their densities
are sufficiently different (usually a difference in specific gravity of nearly 1.0 appears to be
adequate for separation by the gravity method).

The electrostatic separation method is the exclusive choice in some specific situations,
for example in the cases of rutile and ilmenite deposits. These deposits generally contain
minerals of similar specific gravities and similar surface properties so that processes such
as flotation are unsuitable for concentration. The major application of electrostatic separa-
tion is in the processing of beach sands and alluvial deposits containing titanium minerals.
Almost all the beach sand plants in the world use electrostatic separation to separate rutile
and ilmenite from zircon and monazite. In this context the flowsheet given later (see Fig-
ure 2.35 A) may be referred to. Electrostatic separation is also used with regard to a number
of other minerals. Some reported commercial separations include those of cassiterite from
scheelite, wolframite from quartz, cassiterite from columbite, feldspar from quartz and
mica, and diamond from heavy associated minerals. Electrostatic separation is also used in
industrial waste recovery.

It may be added here that electrostatic separation suffers from more or less the same
disadvantages as dry magnetic separation in that both require a perfectly dry feed, and both
have a relatively small capacity for finely divided material. For most efficient operation, it is
necessary that the feed be processed in a layer (one particle deep), but this severely restricts
the throughput of the electrostatic separation process.

2.10.1
Electrostatic Separators

In general, all electrostatic separator systems contain at least four components: (i) a charging-
discharging mechanism; (ii) an external electric field; (iii) a nonelectrical particle trajectory
device; and (iv) feed and product collection systems. Depending primarily on the charging
mechanism involved, the electrostatic separator systems are classified into three categories:
(i) free fall separators; (ii) high tension separators; and (iii) conduction separators.

Charging by contact electrification is an active mechanism whenever dissimilar particles
make and break contact with each other, or whenever they slide over a chute or an electrode.
This charging mechanism is most frequently used to charge selectively and obtain an elec-
trostatic separation of two species of dielectric materials as realized in a free fall electro-
static separator.

The high-tension process leads to the separation of a mixture consisting of good and
poor electrical conductors. The process is typically used for the separation of rutile and
ilmenite (conductors) from zircon and other nonconductors found in beach sands. It is the
charging of a corona which operates as the predominant mechanism of charging in a high-
tension separator. The essential design features of a high-tension separator are shown in
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Figure 2.18. The principle of separation is simple. A mixture of conducting and insulating
particles is fed through the feed hopper, H, onto the grounded rotor, C. The grounded rotor
provides a continuous surface which introduces the particles to the electric field. All the
particles receive a surface charge, o, as they go through an intense corona discharge from
the electrode E, (the electrode is usually composed of tungsten). The polarity of the elec-
trode used determines the type of corona that is produced. In the event of the electrode
being positive, negative ions are accelerated toward the electrode, causing the breakdown
of air molecules, with the result that positive ions are repelled outwards from the electrode
in the form of a corona glow. In the event of the electrode being negative, positive ions are
all accelerated toward the electrode and negatively charged oxygen ions are repelled out-
wards from the electrode in the form of a corona discharge. The particles, after leaving the
corona region, lose their surface charge at a rate which is a function of their electrical
resistance, the extent to which they remain in contact with C, and the magnitude of their
initial surface charge. The good conductors are quick to share their charge with C and are
thrown away from C along a trajectory determined by centrifugal force, gravity, and air
resistance. At this point, however, the conductive particles enter the field of influence of the
nondischarging electrode, E,. The electrode tends to attract the falling particles farther away
from the rotor C, making possible an accurate control of separation over a wide range of
conditions. The story is different for dielectrics or poor conductors. They lose their charge
very slowly and are thus held to the surface of C by the electric image force developed as a
result of the associated surface charge. Particles composed of good electrical insulators,
such as dry quartz, at times remain so strongly adhered to C by the image force that they
require to be scraped from the reverse side of C by a fiber brush. In commercial separating
machines an A. C. corona discharge electrode A (termed the wiper) is provided on the
reverse side of the grounded rotor to partly discharge the adhering particles. This provision
reduces the wear of the brush.

Whereas in ion bombardment, using a discharging electrode, charge transfer occurs (high-
tension separator), in conductive induction no electric current passes between the elec-
trode and the grounded rotor (conduction separator, Figure 2.19). If a solid particle is placed
on a grounded rotor in the presence of an electric field, the particle will develop a surface
charge by conductive induction. Conducting particles will quickly assume the ground po-
tential of the rotor, which is opposite to that of the nondischarging electrode. The electro-
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static forces on these conducting particles will attract them towards the electrode, away
from the grounded surface and the particulate flow. Dielectric particles, which are unable
to pick up the charge from the rotor, remain polarized and are either attracted to the rotor or
pass through the field without being influenced. A suitably placed splitter enables the two
process streams, one of the dielectrics and the other of the conductors, to be separated.

2.11
Flotation

An earlier section which dealt with mineral separation included flotation among the cat-
egory of concentration separation processes. The introduction of flotation was one of the
major milestones in the history of mineral processing. There exist variations (natural or
artificially created) in the surface properties of mineral particles, and the technique of flota-
tion is based on the utilization of these differences. The actual specific gravity of the min-
eral particle plays little or no part in the separation.

A simple two-mineral separation, say of galena (specific gravity 7.5) from a siliceous
gangue (specific gravity 2.65) can be taken as a good example to illustrate the process. The
flotation operation comprises the following successive steps.

1. The raw ore material is ground in water, usually to —48 or —65 mesh.

2. The pulp density is adjusted to a consistency of 15 to 35% solids and the resulting feed

is fed to the flotation cell.

Addition to the pulp of various reagents which have a number of functions is effected.

4. Aeration, either by agitation or by air injection, that impregnates the pulp thoroughly
with bubbles, which are essentially gas-filled holes of macroscopic dimensions in the
pulp, is carried out.

5. The attachment of minerals to the bubbles, which is the heart of the flotation process,
occurs. Once this occurs, gravity completes the separation readily. In the present exam-
ple, galena attaches itself to the bubbles and thereby its effective density is drastically
reduced. This causes galena to buoy up in spite of the fact that it is, in reality, much
heavier than the siliceous gangue.

b
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Figure 2.20 A simplified sketch of a flotation cell, showing its basic features.

6. The bubbles are collected as a froth at the surface.

7. The galena-bearing froth is removed from the top and the impoverished tailing is drawn
away from the bottom of the cell. A device in which all these processes take place is
called a flotation cell (Figure 2.20).

The process of separation of galena from the siliceous gangue, where the float fraction
represents the concentrate while the gangue resides in the pulp, is called direct flotation
(Figure 2.21 B). The process where the opposite happens is called reverse flotation. It is
necessary that the froth phase is maintained adequately. With a very shallow froth, there is
a risk of losing a part of the concentrate into the pulp. As a matter of economics, flotation
separation is carried out in as dense a pulp as possible, consistent with good selectivity and
pertinent operating conditions. The denser the pulp, the smaller is the volume required in
a commercial plant, and also the less is the reagent required, since the effectiveness of
most reagents used in flotation depends on their concentrations in solution. Most commer-
cial floats are in pulps of 25 to 40% solids by weight. They can also be as low as 8% and as
high as 55%, depending on the situation.

On the basis of the function it performs, the flotation process can be divided into two
categories: (i) bulk; and (ii) selective. The process is called bulk or collective flotation when
it accomplishes the separation of several valuable components from the gangue minerals.
In selective flotation, one valuable component is separated from several others. This selec-
tivity could be accomplished by either using collectors selective with respect to a particular
mineral or by differential flotation wherein two or more mineral concentrates are recovered
consecutively from the same feed by using modifiers.
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Figure 2.21 (A) Separation of hydrophobic from hydrophilic particles in flotation.
Bubbles with some of them attached with hydrophobic mineral particles shown in the
rising mode. Hydrophilic mineral particles with minority presence of hydrophobic
mineral particles (those lost chance for contact with bubbles) and bubbles attached
with hydrophobic mineral particles (those got mechanically driven along with
hydrophilic particles) shown in the descending mode. (B) Froth flotation: air bubbles
carry nonwetted particles upwards, while wetted mineral particles drown.

2.11.1
Principles

It is considered relevant to begin this presentation on flotation principles by drawing a
reference to Figure 2.22 which quite comprehensively presents a summary of general clas-
sification of mineral processing separation methods. Present attention is focused on the
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Figure 2.22 Classification of mineral processing separation methods.

classification of the physico-chemical separation methods which can be subdivided into
colloidal and flotation methods. The two methods are based on differences in the surface
properties of the minerals separated. In colloidal methods, separation can be achieved by
selective aggregation (coagulation, flocculation, agglomeration) of one of the mineral spe-
cies into aggregates while leaving the other minerals in a dispersed state. The aggregates
can then be separated from the dispersed material by sedimentation sieving, or other ap-
propriate techniques.

In flotation it is clear by now that there are three phases: air, mineral, and water. The
three are shown in Figure 2.23 (A) to meet at a common boundary. In this condition there
will be a balance of interfacial tension forces. These can be resolved so that, for equilibrium
at the point of intersection:

YaM = Yma €OS O+ Ym COS Oy

where Yau, Ywa, and 1wy are respectively the interfacial tensions between air and min-
eral, water and air, and water and mineral phases and 0y, and 8y, are the angles shown in
Figure 2.23 (A). A special case of this common boundary between the three phases is the
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contact between the water, the mineral and the air (Figure 2.23 B). In the figure, the phase
mineral, has been shown as a plane surface of a solid. In the present situation, 0y, is zero
and Oy, is called the contact angle 6. It is the convention that 6 is measured in the water
phase. The equation above then takes the form as shown below:

YAM = yWA cos 6 + YWM

The relationship given above is the familiar Young’s equation. If 6 > 90°, cos 6 is negative
and vy > Yam- This implies that attraction of water for mineral is not as strong as the
attraction of air for mineral, and the water does not wet the mineral. If 6 < 90°, cos 9 is
positive and v,y > Ywy- The water has a relatively strong attraction for mineral and the
water wets the mineral (Figure 2.23 B). Owing to the difficulty in measuring the actual
values of v,y and vy, it is the 8 which provides the only means of perusing their relative
strength. When 6 = 0°, the water will spread completely over the mineral surface, and when
0 = 180° there will be no attraction between water and mineral.

WA

w
(water)

M
(mineral)

fwa

am

Hom
Figure 2.23
Cohesion (A) Interfacial tensions at the junction
between mineral, water and air phases.
stands for the interfacial tension between the
phases, water and air, and is drawn along the
tangent to the WA phase boundary at the
Adhesion junction. Drawn similarly are vy, and yau-
(B) Contact between air, water and mineral
where the mineral phase has a plane surface.
6 is the contact angle and the water wets the
m mineral.
(C) Nlustration of the effect of work of
cohesion of water and work of adhesion to
©) mineral on the mineral wettability.

(mineral)
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The force needed to break the mineral-air interface is called the work of adhesion, W,,
and is equal to the work needed to separate the mineral-air interface and produce in place
air-water and mineral-water interfaces. This, in other words, may be represented with
interfacial tensions in place as:

Wa ="Ywa + Yam — Ywm

In the case of air-mineral-water boundary, the Young’s equation can be substituted in
the above equation and the following relation is obtained:

Wi =Ywa (1 +cos 6)
when 6 = 0°

Wa=2"Yga

and is called the work of cohesion of the water. It may be noticed that if 8 < 90°, W, > 1ya
and water wets mineral and if 6 > 90°, W, < 14 and the water does not wet the mineral by
the given definition of wetting in terms of the contact angle. With complete nonwetting,
0 =180°and W, =0.

In summing up, it may be mentioned in a general way that as 8 increases from 0° to 180°,
the behaviour of mineral particles alters from one extremity of showing complete affinity
for water to the other extremity of showing complete repulsion to water. The minerals hav-
ing affinity for water are called hydrophilic and those that are not having such behaviour are
called hydrophobic. Between the two extremities of the contact angle lie the intermediate
values which govern the extent of hydrophobicity or the hydrophilicity of a mineral in any
given instance. The scenario involving work of adhesion and of cohesion in a mineral, air,
and water system is shown in Figure 2.23 (C).

From the text pertaining to principles of flotation given earlier it is easy to comprehend
selectivity in flotation. For selective flotation to occur, there must be an appreciable differ-
ence in the degree of wetting and nonwetting of the solid components in the mixture. On
this basis, flotation can be described as being one of the more powerful techniques for
separating hydrophobic constituent particulates (in a mixture of solid phases) from hy-
drophilic constituents. From the relationship for v, given earlier it can readily be seen that
it 0, for instance, is greater than 90° (obtuse angle), cos 6 is negative and yyy > Yaps in this
situation the system can lower its energy by lowering the interfacial tension between A and
M in preference to that between M and W. This is a consideration for having a strong
incentive for the mineral not to be wetted by the water. In another instance, where, 0 is less
than 90° (acute angle), cos 6 is positive and v, > Yyws in this situation the system can lower
its energy by increasing the interfacial tension M and W in preference to that between A
and M. Therefore, unlike the previous case, there is a strong tendency for the water to wet
the mineral particle. The value of 6 for a mineral relative to that for another must be higher
if the first mineral is to be floated in preference to that between A and M. Therefore, unlike
the previous case, there is a strong tendency for the water to wet the mineral particle. The
value of @ for a mineral relative to that for another must be higher if the first mineral is to be
floated in preference of the second.

Like all processes, the flotation process leads itself easily to thermodynamic analysis. The
attachment process implying the attachment of a particle to a bubble occurs only when the



2.11 Flotation

free energy change associated with process is negative. A useful form relating to free en-
ergy change (AG) with the interfacial tension between the water and air (yy,) and the con-
tact angle is given by the following:

AG =Yy, (cos 6 —1)

The equation above is called the “thermodynamic criterion of flotation”. Its only strict
interpretation is that the more negative the value of AG, the more is the probability of
mineral nonwetting (AG = 0 for 8 = 0°, and AG < 0 for 6 > 0°).

Chemical thermodynamics can be used to predict the possibility of a reaction occurring
when imposed with a given set of conditions of temperature and pressure. It can also fore-
cast the direction in which the equilibrium of the reaction will be shifted when these pa-
rameters are varied. Flotation thermodynamics can prognosticate the likelihood or other-
wise of a mineral particle and an air bubble to become attached to each other at the instant
of their collision. Clearly, not all particles which collide with bubbles become attached;
otherwise, no separation would be possible by flotation. Only those particles that are suffi-
ciently hydrophobic attach themselves to the air bubbles by forming a three-phase contact
with a finite contact angle. While flotation thermodynamics can foretell the probability of
particle-to-bubble attachment, it begs the question: does it fail to predict the rate of the
flotation process? The answer to this question is simply, no. This is easy to comprehend
from the fact that the activation energy barrier opposing a particle-to-bubble attachment
does not depend on the free energy change accompanying the attachment. However, a deep
insight into the mechanism of flotation and a capability to predict the rate of flotation of
various minerals in the conditions prevailing in the actual systems would facilitate scale-up
and design of industrial flotation plants. Of the different approaches to this problem, the
kinetic approach offers an easy and reliable method for realizing this objective.

The study of flotation kinetics relates to a number of mass transfer processes and these
are listed in Table 2.8. The term, entrainment which figures in the mass transfer process
statements made in Table 2.8 may be elaborated. It is the process by which particles enter
the base of a flotation froth and are transferred up and out of the flotation cell suspended in
the water between bubbles. Entrainment should be distinguished from true flotation,
whereby particles come out of the cell attached to bubble surfaces. True flotation is chemi-
cally selective, while the entrainment process recovers both gangue and valuable minerals
alike. Entrainment harms the product grade since recovery of the more abundant gangue
mineral reduces the quality of the concentrate. This is especially true in the processing of
fine ores. Much flotation research has dealt with reducing entrainment in order to improve

Table 2.8 Mass transfer processes.

1. Selective handover of matter from the pulp to the froth by particle-bubble attachment.
2. Nonselective handover of matter from the pulp to the froth by mechanical and hydraulic entrainment.

3. Reversal (both selective and nonselective) of matter from the froth to the pulp through froth
subduction, bubble coalescence and liquid drainage.

4. Mechanically or hydraulically induced matter handover from the froth into the concentrate product.
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the product grade, and this has been one of the main reasons behind the development of
column flotation systems.

The removal rate of particles or the rate of flotation from pulp is essentially governed by:
(i) collision between particles and bubbles; (ii) adhesion of particles to bubbles; and
(iii) detachment of particles from bubbles. Keeping these factors in mind, one can arrive at
the following relationship:

P=P - P, - (1- P

where P is the probability collection (it can also be termed as the recovery, R), P. is the
probability of collision between a particle and a bubble, P, is the probability of adhesion or
attachment after collision, and P is the probability of detachment.

2.11.2
Flotation Chemistry

The success of flotation depends greatly on the development of the correct chemical condi-
tions in the system in which a given flotation process is to be carried out. An appropriate
chemistry is built up by using different chemical reagents. The reagents in use in flotation
are broadly divided into two categories: surfactants and regulating or modifying agents. To
account for different floatable systems mention may be made of flotation of sulfides, of
insoluble oxide and silicate minerals, of semisoluble salts and of soluble salts. Among
these sulfide flotation has received most attention and been studied most extensively.

Minerals belonging to the category of insoluble oxide and silicate minerals are many in
number. Insoluble oxide minerals include those superficially oxidized and those of oxide type.
The former category comprises mainly superficially oxidized sulfide minerals, including
metals such as aluminum, tin, manganese, and iron which are won from their oxidic sources.
As far as silicate minerals are concerned, there can be a ready reference to several metals such
as beryllium, lithium, titanium, zirconium, and niobium which are known for their occur-
rence as (or are associated with) complex silicates in relatively low-grade deposits.

Those minerals whose solubilities are greater than those of most oxides and silicates, but
lower than those of soluble salt minerals, are grouped as “semisoluble salt minerals” (also
called salt-type minerals). The list comprising this particular minerals group is calcite, dolo-
mite, magnesite, barite, gypsum, scheelite, carbonate, phosphate, sulfate and some others.
These minerals are characterized mainly by their tonic bonding and as has already been
pointed out, by their moderate solubility.

Separation of these minerals from oxides and silicates can be readily accomplished as the
surface chemical and physical properties of these minerals are very similar. On account of
this fact, separation of the metals themselves has proved to be extremely difficult.

Potash minerals represent excellent examples of soluble salt. The components of potash
deposits commonly comprise a complex confluence of halides—halite, NaCl; sylvite, KCl;
carnallite, KCl - MgCl, - 6 H,O and/or sulfates-langbeinite, 2 MgSO, - K,SO,; kainite,
MgSO, - KCl - 3 H,O etc. These salts were recovered previously from mixtures compris-
ing natural deposits by a lengthy fractional crystallization procedure. It is by selective flota-
tion in a saturated brine solution that the concentration of the potash minerals is accom-
plished. The process is, however, preceded by the removal of clay, using hydrocyclones,
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followed by thickeners and/or inclined hydroseparators. Clays entail an unduly high con-
sumption of all flotation reagents, and this enhances the viscosity of saturated solutions. If
desliming is attempted to remove these materials, there substantial losses of potassium
chloride (KCl) occur. With ores containing sylvite and carnallite, the separation of clay is
followed by selective flotation of either sylvite (using n-alkyl amines or sulphonates as col-
lectors) or halite (using n-alkyl carboxylates of heavy metals ions and a nonpolar oil addi-
tion). The concentrate grade aimed for is about 60% K,O equivalent. With ores containing
other salts as well as sylvite and halite, selective flotation is much more complicated and the
grade of the concentrates produced is lower. The sulfate salts of magnesium and potassium
can also be separated from sodium sulfates, though less efficiently than chlorides.

This part of the presentation embodies first a general treatment on surfactants followed
by the elaboration of frothers, collectors and regulators. The text subsequently involves the
area of sulfide flotation, which occupies a premier position in the field of flotation. The
section is completed with some important examples of flotation of sulfides. The final sec-
tion is devoted to natural hydrophobicity which, on its own accord constitutes an important
and interesting area in the field of flotation.

2.11.2.1 Surfactants
A great many of inorganic and organic reagents are used in flotation for the purpose of
controlling the characteristics of interfaces.

Any species (whether organic or inorganic in, nature) which has a disposition to concen-
trate at one of the five possible interfaces is called a “surface active agent”. According to
this, an ion is a surface active agent with respect to an oppositely charge surface site. The
name surfactants is reserved for surface active amphipatic molecules, R-Z (that is, a mol-
ecule of dual character), represented by a polar group Z and a nonpolar group Z. The polar
group Z consists of an aggregate of two or more atoms which are covalently bonded but
have a permanent dipole moment; the occurrence of this dipole makes the group hydrophilic.
In addition to the dipole, the polar group may (but need not) be ionized. The nonpolar
group or radical R is commonly represented by a hydrocarbon (but it may be a fluorocarbon
or a siloxane). It does not possess a permanent dipole. It stands for the hydrophobic portion
of the amphipathic molecule.

As a result of a large number of polar groupings and a still larger variety of nonpolar
groups, there exists a vast number of reagents which serve as surfactants. These can be
classified either according to the electrical charge associated with their polar group into
anionic, cationic, or nonionic, or according to the hydrocarbon structure (alkyl, aryl, phe-
nyl, cyclohexyl, alkylanyl, etc.), or according to the specific type of polar group. The last one
in the list is by far the most useful in differentiating the action of surfactants and in speci-
fying their characteristics. An overall subdivision of surfactants into one group represent-
ing monopolar species and the other consisting of multipolar ones is also helpful.

Surfactants play a twofold role in flotation:

¢ by adsorbing at the mineral (solid)-water (liquid) interface, they make the surface of
selected minerals hydrophobic in character (the reagents functioning in this way are
called collectors);

e they influence the kinetics of bubble-mineral attachment.
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The latter surfactants are customarily referred to as frothers, but their frothing abilities are
not the most important characteristic.

Since flotation surfactants are, in general, supplied to the interfaces through the aqueous
solution phase, it is mainly those reagents that are somewhat water-soluble are used in
flotation. The surfactants of particular importance to flotation may be conveniently grouped
into: (i) monopolar; and (ii) multipolar. Each group is subdivided into three classes in order
to facilitate the discussion of their characteristic behavior in aqueous solutions and during
adsorption at interfaces: (i) thio compounds, which act mainly as collectors for metallic
sulfides; (ii) non-thio, ionizable compounds, which may act as both collectors and frothers;
and (iii) nonionic compounds, some of which act mainly as frothers, while others act as
depressants, flocculating agents, and even as activators (collectors).

2.11.21.1 Frothers

An adequate froth is essential for flotation since it has to bear the mineral and survive until
the constituent bubbles pass out of the pulp. Following separation, the froth should not be
so persistent as to be resistant to destruction when sprayed. It must possess elasticity for it
must not break under the disturbance it controls during its ascent to the surface, otherwise
its mineral load would be lost. On reaching the top of the pulp of the cell, a definite thick-
ness of froth has to be maintained to allow cleaning of the floated material to occur. Me-
chanically entrained gangue particles will tend to escape with the draining liquid. With stiff,
rigid, and stable froths an additional spray of water over the top of the froth may facilitate
the cleaning action by drainage. Froth becomes stabilized by hydrophobic solids when they
adhere to the air—water interface so closely that the draining of the liquid is restricted. If, in
addition, extensive flocculation of particles takes place, fairly thick layers of interlocked
particles are formed at each of the two air—water interfaces separating the bubbles.

There are requirements for or surfactant to serve as a good flotation frother. The primary
purpose of a frother addition is to change drastically the kinetics of particle-bubble attach-
ment. It achieves this feat by ensuring that the thinning of the liquid film between the two
colliding particulates, the particle and the bubble, and the rupture of the thinned film (with
the necessary establishment of the particle-bubble attachment area) can occur within the
collision time. Secondary requirements pertain to ensuring a proper degree of stability of
the aggregate particle-bubble aggregate and allowing most (or preferably all) of the me-
chanically entrapped (and weakly adhering) particles of unwanted minerals to escape with
the draining liquid. It may be pointed out that the stability of the particle-bubble aggregate
and the stability of the mineralized froth formed during the draining process atop the pulp
in the cell are not the same. The former is involved with adhesion and the latter with
cohesional behaviours within a mixed liquid—particle film. The mineralized froth should
have a restricted degree of stability; it should be stable enough to overflow in cell without
losing the attached solid particles, but should break down following entry into the launder.

The frother should not in itself be a strong collector, especially of minerals meant for
drowning. It should work in the presence of the other reagents necessary for flotation. The
frothers must be soluble in water to some extent; otherwise they would be distributed very
unevenly in an aqueous solution, with the result that their surface activity would not be
fully effective or exploited. There are three main groups of reagents employed by the min-
eral industry as frothers (Figure 2.24) these different groups include aliphatic alcohols (me-
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Figure 2.24 Classification of flotation reagents—frothers.
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thyl-iso-butyl carbinol (MIBC), o-terpinol, diacetone alcohol and creyslic acid), alkoxyparaftins
(1,1,3-triethoxybutane), and polyglycol ethers (Dowfroth, Aerofroth). It should be clear by
now that frothers are essentially heteropolar reagents comprising polar and nonpolar groups.
The adsorption process involves reaction between frother molecules and water wherein the
water dipoles join readily with the polar groups and hydrate them. The nonpolar hydrocar-
bon group, however, remains inert. The process tends to coerce the nonpolar group into
the air phase. Thus, the heteropolar structure of the frother molecule leads to its strong
adsorption at water—air interface, with the polar group oriented towards the water and the
nonpolar groups towards the air. When two bubbles come together, their surface films
meet with polar groups facing each other and they tend to repel each other rather than
coalesce. This phenomenon provides froth stability.

2.11.2.1.2 Collectors

Once the stability of the bubbles has been assured by the use of frothers, it becomes neces-
sary to work on the mineral surfaces. These must be made hydrophobic. Most minerals are
ionically or covalently bonded, which explains the fact that they are hydrophilic. Surfactants
capable of adsorbing in such a manner that the solid surface is converted from hydrophilic
to hydrophobic in character are referred to in flotation systems as “collectors”. They are the
most critical of the flotation reagents. It may be recalled that if the mineral is to be non-
wetted by water, 6 must be greater than 90°. Then y,; < Yyw- 10 lower y,,, an extraneous
addition adsorbs at the mineral-air interface must be added. This must not lower vy, and
must, therefore, present a surface which has a repelling action on water. Such a substance
is the “celebrated collector”, this is chemically best described as a heterogeneous (heteropolar)
compound that contain a functional inorganic (polar) group coupled with a hydrocarbon
chain (nonpolar end). In general, the polar group is the portion of the collector molecule
that adsorbs on the mineral surface, while the nonpolar end, being nonionic in nature,
provides hydrophobicity to the mineral surface as a result of collector adsorption. In effect,
the nonpolar ends of collectors are oriented towards water, and this is responsible for im-
parting hydrophobicity to the particles. Collectors and frothers bear the similarity that both
are heteropolar in nature. The difference between them lies in the fact that the polar groups
of collectors have an affinity for the particular mineral of interest, whereas the polar groups
of frothers have an affinity for water only. These characteristics have been depicted in Fig-
ure 2.25. The collectors are seen to have two functional “ends”, one ionic, which is adsorbed
at the mineral surface by chemisorption (chemical reaction with the ions of the mineral
surface) or by physical adsorption (electrostatic attraction to the mineral surface), and the
other an organic chain or group, nonionic in nature, which has provided the hydrophobic
surface to the mineral. In a situation where different minerals are present, if the collector
can be made to adsorb specifically on one mineral rather than on the others present, this
mineral can be rendered nonwettable and can be floated selectively from the other miner-
als. This represents a selective flotation process. It is important to add that collectors are
generally added in small amounts just to provide a monomolecular layer on the substances
concerned. Addition of increased amounts, apart from cost, may lead to co-float other sub-
stances, a welcoming situation especially when selectivity is desired. It is the experience of
practioners of flotation that it is always more difficult to remove a collector that is already
adsorbed than to forestall its adsorption.
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Figure 2.25 Actions of the (a) frother and (b) collector.

There are basically two types of collector molecules: ionizing and nonionizing compounds.
The former dissociates into ions in water, while the latter does not. Ionizing collectors are
classified in accordance with the type of ion (anion or cation) that causes the water-repellent
effect in water.

Anionic collectors may be classified into two types according to the structure of the polar
group: oxyhydryl collectors and sulfydryl collectors. The collectors belonging to the cat-
egory of anionic oxyhydryl collectors are the carboxylates (fatty acids), sulfonates, alkyl sulfates
and certain chelating agents. The collectors that belong to the category of sulfydryl anionic
collectors are xanthate and a number of other sulfur-bearing surfactants.

The only industrially used cationic collector is amine, which ionizes in aqueous solution
by protonation. Based on the number of hydrocarbon radicals bonded to the nitrogen atom,
the amines are classified into primary, secondary, tertiary, and quaternary. The amine is
termed as a primary amine if only one hydrocarbon group is present with two hydrogen
atoms. Correspondingly, amines holding two, three and four hydrocarbon groups are termed
secondary, tertiary, and quaternary amines respectively. In addition, there may also be vari-
ations present in the configuration of the hydrocarbon chain of the amine. The amines can
be alkyl, aryl, and alkylaryl. Primary, secondary, and tertiary amines are weak bases, but
quaternary amines are strong bases. Quaternary amines, then, are fully ionized at all values
of pH, while the ionization of primary, secondary and tertiary amines is pH-dependent. It
may in general be pointed out the affinity of forces for adsorption of cationic collectors on
mineral surfaces is not as strong or irreversible as the chemical characteristic as cationic
collectors. The cationic collectors, therefore, tend to be weak in their collecting power, and
while they are most effective in slightly acidic solutions, they are inactive in strongly alka-
line and acidic solutions. Those collectors which are nonionizing compounds once adsorbed,
render the mineral hydrophobic in same manner as heteropolar collectors. The classifica-
tion of collectors as described herein is shown in Figure 2.26 (A).

An important aspect of collector is shown in Figure 2.26 (B). It is seen that, when tested
separately as pure particles, each of the three different X, Y and Z may require a different
threshold collector concentration (C, < C, < C,) for, say, 95% recovery. Theoretically, it would
thus appear that starting with the lowest level of threshold collector concentration, such as
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Figure 2.26 (A) Classification of flotation reagents-collectors;
(B) threshold concentration of collector (see text for description).

C,, a selective separation of mineral x could be attained first without any appreciable quan-
tity of mineral y and z being floated. An increase of the concentration to C, (Figure 2.26 B)
should then allow mineral z to be floated next, leaving mineral y to be floated last, after the
concentration of collector is raised above Cy. It may, however, be pointed out that as soon as
the three minerals are mixed together, they often begin to interact, mutually altering their
individual surface characteristics. In consequence, the theoretically possible selectivity based
on the use of an appropriate collector concentration alone is not commonly attained. The
effects of mutual alteration of surface characteristics may be ameliorated by the control of
pH and by additions of modifying agents. Thus, the selectivity in practice is achieved not so
much through different concentrations of collector alone but through a combined effect of
activating and depressing agents together with the collector species.
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2.11.2.1.3 Regulators

In the flotation process, the function of the regulators or modifiers is to modify the action
of the collector, either by enhancing or by reducing its hydrophobic effect on the mineral
surface. They thus make the collector action more selective towards certain minerals. Regu-
lators are classified into three groups of reagents, which are known as activators, depres-
sants, and pH modifiers, as shown in Figure 2.27. The purpose of regulators is to prepare
the surfaces of the various solids for the subsequent selective adsorption of the surfactant(s)
in such manner that only the desired particles are made hydrophobic.

Activators are those reagents which act in a manner converse to the action of depres-
sants, i.e., they render those minerals floatable which either have been temporarily de-
pressed or would not float without their assistance. They are generally soluble salts which
ionize in the aqueous medium. The ions then react with the mineral surface, providing a
monomolecular coating and thereby making the mineral surface favourably disposed to
the collectors. Sphalerite (ZnS) is essentially not floatable with common collectors. The
addition of Cu®* to the solution, however, alters the mineral surface to CuS, which can
adsorb collector. This feature is described elaborately in a later section.

A strict control of the pH of the pulp is usually the first important requirement for a
successful selective separation by flotation. All surfactants that can act as collectors do so
only within a certain narrow range of the pH scale. When such surfactant species adsorb as
collectors within this pH range on several solid phases, specific inorganic or organic ions
(or nonionized multipolar species) known as “depressants” must be added to suppress
those phases whose separation with the chosen solid is not required. The depressants act in
an opposite manner to the activators and counteract the collectors. A naturally occurring
depressant is slime. Slimes present in a comminuted mineral coat the particles, and this
has a retarding action on the adsorption of collectors on them. Among the chemicals used
as depressants, mention may be made of sodium cyanide which depresses pyrite (FeS,)
while floating galena (PbS), sphalerite (ZnS), or copper sulfide (CuS); zinc sulfate which
depresses sphalerite while floating galena; sodium ferrocyanide which depresses copper
sulfides while floating molybdenite (MoS,); lime to depress pyrite; sodium silicate to de-
press quartz; and dextrins to depress graphite and talc during sulfide flotation. Nokes rea-
gent and anamol-D are also important depressants. Nokes reagent is a reaction product of
phosphorus pentasulfide and sodium hydroxide. The anamol-D reagent is prepared by dis-
solving 20% by weight of arsenic oxide in a concentrated solution of sodium sulfide. The
depressing action of both these reagents ensues from sodium sulfide. The section on sulfide
flotation (see later) describes the chemical aspects of the depressing action of sodium sulfide.

Flotation reagents

v ! -

Activators Regulators pH modifiers

Cuso, l Ca(OH),

Na.S Depressants H:ZOCI-? 3
NaCN NH
KoCr.0 S i ificati
2Cr207 H,SO, Figure 2.27 Classification of

H.SO; flotation reagents—regulators.
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Figure 2.28 Critical pH curves for flotation with sodium dithiophosphate
as collector for some sulfidic minerals.

Chemicals identified as pH modifiers, which are also referred to in the literature by terms
such as “conditioners” and “alkalinity regulators”, can play an important role in the flota-
tion process. The control of pH is important not only in determining the efficiency at which
a particular mineral may be floated but also in discriminating between minerals having
similar surface properties. For example, it can be seen from Figure 2.28 that by using a
collector concentration of 25 mg L™ of sodium diethyl dithiophosphate and a pH value
lying between 6.5 and 9.5, it is possible to obtain separation of galena and pyrite from
chalcopyrite since under these conditions of the pulp, chalcopyrite will float but galena and
pyrite will not do so. On reducing the pH value to 6, the galena can be floated, from the
pyrite. Flotation, wherever possible, is implemented in an alkaline condition; this is be-
cause most collectors are stable under alkaline conditions. These conditions also minimize
corrosion problems pertaining to cells, pipework, etc. The control of alkalinity is effected by
adding appropriate quantities of lime, soda ash (sodium carbonate) and, to a lesser extent,
caustic soda (sodium hydroxide) or ammonia. In cases where a decrease in pH is required,
sulfuric or sulfurous acid is used. Lime, used in the form of milk of lime, is usually the
preferred reagent to regulate the pulp alkalinity. The pH control agent has to carry out
certain additional functions which include: (i) precipitation of heavy metal ions such as
Cu?®*, Pb**, etc., which might cause accidental activation or depression or reaction with the
collector; (ii) prevention of hydrolysis of the collector which may take place at low pH val-
ues; and (iii) inhibition of corrosion by acid mine waters. The reagent for pH control is,
therefore, often added at the earliest point in the grinding operation preceding flotation.

2.11.2.2 Sulfide Flotation

Flotation of sulfide minerals is a popular topic in the literature dealing with flotation. It
displays well the application of the different flotation reagents such as frothers, collectors,
depressants, and activators.
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2.11.2.2.1 Principles

The adsorption of collectors on sulfide mineral occurs by two separate mechanisms: chemical
and electrochemical. The former results in the presence of chemisorbed metal xanthate (or
other thiol collector ion) onto the mineral surface. The latter yields an oxidation product
(dixanthogen if collector added is xanthate) that is the hydrophobic species adsorbed onto
the mineral surface. The chemisorption mechanism is reported to occur with galena,
chalcocite and sphalerite minerals, whereas electrochemical oxidation is reportedly the pri-
mary mechanism for pyrite, arsenopyrite, and pyrrhotite minerals. The mineral, chalcopyrite,
is an example where both the mechanisms are known to be operative. Besides these mecha-
nisms, the adsorption of collectors can be explained from the point of interfacial energies
involved between air, mineral, and solution.

Chemisorption phenomena

The chemisorption mechanism can be well explained with the mineral, galena. The collec-
tor ion used is xanthate ion (C7). The mechanism of its adsorption occurs in the following
steps:

e The dissolved oxygen in the pulp oxidizes the sulfide surface to sulfate according to the
following reaction:

PbS(s) + 2 O, (g) = PbSO, (s)

e Inaerated pulps, carbonate ions are present; these partake in the replacement reaction as
shown below:

PbSO, (s) + COZ (g) = PbSO; (s) + SO

The feasibility of the above reaction ensues from the data on the solubility products of
lead sulfate and lead carbonate salts. Evidence abounds that both sulfate and carbonate
ions are present.

e This step is characterized by the replacement reactions between the xanthate ion (C") and
the carbonate and sulfate ions (and hydroxyl ion, depending on pH) as represented by
the following:

PbCO; (s) + 2 C (g) = PbC, (s) + COZ
PbSO, (s) + 2 C (g) = PbC, (s) + SO;~
Pb(OH), (s) + 2 C" = PbC, (s) + 2 OH"

e This step is characterized by bulk precipitation of lead xanthate on the mineral surface.

Electrochemical phenomena

The electrochemical mechanism can be well explained with the mineral pyrite. The collec-
tor ion is xanthate ion (C7), a member in the anodic sulfydryl collectors group. Two
electrochemical reactions occur on the surface of the pyrite. There is the formation of
dixanthogen (C,) by anodic oxidation of xanthate ion (C”) on the surface of pyrite coupled
with cathodic reduction of adsorbed oxygen. These reactions are shown below:
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Anodic reaction: 2C=C,+2¢
Cathodic reaction:  0.50, (ads) + H,O0 +2e =2 OH"~

Since sulfides are electronic conductors, electron transfer occurs through the solid sulfide.
Schematically,

2e +0.5| 0,+H,0—->20H"

Pyrite (Fe S,) 2e
(electronic conductor) ¥~ [2e+ C,—-2C

The overall reaction is:
2C +0.50, (ads) + H,O=C, +2 OH"

A semi-conducting mineral, such as a galena, when in an aqueous solution develops a
potential called the “rest potential”. This parameter governs the sensitivity of sulfide miner-
als to oxygen, and in turn the oxide and cathode reactions to take place on them. If the rest
potential for the mineral-solution system is greater than the reversible potential for the
xanthate oxidation, as it is with pyrite, there will be formation of dixanthogen. If, on the
other hand, the rest potential is less than the reversible potential for xanthate oxidation,
there will not be any formation of dixanthogen. In that case, only metal xanthate will form.
Another reagent has been shown to perform in a manner similar to sulfydryl collectors in
the pyrite system, and this is dithiophosphate. This reagent is more difficult to oxidize to its
dimer, dithiophosphatogen, however, than xanthate is to oxidize to dixanthogen. That is,

Cy+2e =2C; E°=-0.06 V

(DTP),+2 ¢ =2DTP; E’=-025V
where C” and DTP™ stand for xanthate and dithiophosphate ions, respectively. The struc-
tural formulas of dixanthogen, C,, and dithiophosphatogen, (DTP),, are presented below:

Dixanthogen Dithiophosphatogen
S S R—OQ S S O—R
R—O—C/ \\\\C—O—R N/ P\/ P

S—— S R—O S—S O—R

where R stands for the hydrocarbon chain.

Interfacial energy

Separation of galena from its associated gangue mineral silica by flotation as depicted in
Figure 2.21 (B) as an example of direct flotation encountered here as a model to describe
the role of interfacial energy. This separation is accomplished by using a collector, namely,
sodium ethyl xanthate. Normally, water will wet both galena and silica, but in the presence
of a small quantity of the collector, the contact angle is raised from near zero to 60° on the
galena, whereas the contact angle on silica remains close to zero. The reagent meant to
function as collector incorporated in the aqueous medium dissociates into xanthate anions
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(-S - CS - O - C,Hs) and sodium cations (Na®). The xanthate anion thus is seen to be
heteropolar; hydrocarbon nonpolar radical connected with its polar group. The polar group
ending in a negatively charged sulfur atom, is attracted to the lead ions (Pb*') in galena.
Thus, insoluble lead xanthate can be considered to exist on the galena particles. The nonpolar
ethyl group, C,H;, faces outwards and is attracted to the water molecules to a smaller de-
gree than was the galena. The value of the mineral-water interfacial energy (yyw) is thus
raised and since the air-xanthate attraction is greater than the water—xanthate attraction, the
mineral-air interfacial energy (yy,) is lowered and 6 increases. There appears to be no
comparable adsorption on the silica particles, which remains wetted by water and drown to
be disposed of as tailings, while galena floats off as a concentrate. The structure of the
collector and the adsorption phenomenon as described are illustrated in Figure 2.29 (A, B).
From the description provided, it is clear that cation (sodium) plays no part to impart
hydrophobicity to the mineral. The value of the water—air interfacial energy (yy,) is a sig-
nificant parameter. If vy, is reduced very much by excessive frother additions, then the
action of the collector (xanthate) will be adversely influenced simply because the contact
angle 6 will come down to outweigh the increase in y,. There is definitely an optimum
level of frother addition beyond which the collector action tends to be destroyed. If too
much collector is added, this may lead to a situation where the mineral particle is unable to
penetrate the air—water interface and consequently will not float. If the stretch of the carbon
chain in the xanthate ion is increased, 8 increases — apparently due to diminishing water —
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Figure 2.29 (A) Structure of sodium ethyl xanthate; (B) galena particles
with xanthate anions adsorbed on the surface influencing it for attachment
to an air bubble. The silica is wetted by the polar water molecules.
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xanthate affinity. Thus, for amyl xanthate anions, —S - CS - O - CsH;4, 6 is 90° compared
with 60° for ethyl xanthate.

2.11.2.2.2 Examples
Some specific examples in the field of sulfide flotation will now be described.

An example involving the separation of galena (PbS) from chalcocite (Cu,S) is first con-
sidered here (to illustrate the role of depressants e.g., sodium cyanide, which is quite exten-
sively used in sulfide flotation). In this case, copper ions at the surface of Cu,S form a
stable complex Cu(CN),. A similar complex with lead is unstable. The addition of the col-
lector, xanthate, results in its adsorption on the surface of galena but not on the altered
surface of the copper-containing mineral. As a consequence of these chemical effects, ga-
lena is separated by froth flotation while chalcocite remains in the slurry. Curves depicting
the feasibility of the flotation of various sulfidic minerals and their separation under speci-
fied conditions of the chemistry of the pulp are shown in Figure 2.30. It can be seen that
chalcopyrite is floatable from pyrite ata pH of 7.5 with 40 mg L™ of sodium cyanide. Since,
of the copper mineral, chalcopyrite lies closest to pyrite relative to the influence of alkali
and cyanide, all the copper minerals will float with chalcopyrite. Thus by choosing carefully
pH and cyanide concentration, to obtain acceptable separations. This is, of course, theoreti-
cal; in practice, the separation is more difficult because of other variables. Adsorption of
xanthate by galena is not influenced by cyanide, the alkali alone serving as a depressant.

The flotation of sphalerite, the sulfidic mineral source of zinc, is next considered as an
example to illustrate the role of activators. This mineral is not satisfactorily floated solely by
the addition of the xanthate collector. This is due to the fact that the collector products
formed, such as zinc xanthate, are soluble in water, and so do not furnish a hydrophobic
film around the mineral particles. It is necessary to add copper sulfate which acts as an
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Figure 2.30 Critical pH for flotation with potassium ethyl xanthate in presence of sodium cyanide.
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activator. Copper sulfate dissolves quickly and dissociates to yield copper ions, which form
copper sulfide molecules at the mineral surface according to the reaction:

ZnS + Cu** = CuS + Zn*

The copper sulfide formed on the surface of the sphalerite mineral reacts readily with the
xanthate, and forms insoluble copper xanthate, which makes the sphalerite surface hydro-
phobic. Such a reaction for activating sphalerite occurs whenever the activating ions are
present in the solution. It is thus necessary to deactivate sphalerite (to prevent the occur-
rence of natural activation) in the case of some ores. With lead-zinc ores, for example,
natural activation occurs due to Pb** in solution

ZnS + Pb%** = PbS + Zn**

The mineral, sphalerite, on account of its resistance to oxidation, contributes very little of
Zn** through dissolution. In this case, zinc sulfate is added and the reaction, which is
shown in the parenthesis, is pressed into proceeding from right to left (i.e., PhS + Zn** —
Zn$S +Pb*"). This is equivalent to saying deactivation of sphalerite. Besides Pb**, Cu®" is
also known to give rise to activation. In this case, cyanide ions are introduced into the
system. The stability of Cu(CN);, relative to Zn(CN)2™ results in ratios of dissolved Cu to
Zn such that activation cannot occur.

In the molybdenum flotation circuit, the use of sodium sulfide as a depressant is quite
important in order to depress sulfides of copper which are invariably associated. In solu-
tion, sodium sulfide hydrolyzes and then dissociates:

Na,S + 2 H,0 = 2 NaOH + H,S
NaOH = Na* + OH~

H,S = H* + HS™

HS = H'+ S

The products of hydrolysis and dissociation depend on the pH. In an acid medium, hy-
drogen sulfide, which has no depressing action, evolves. It is, therefore, necessary to use
alkaline circuits in which HS, predominates. These sulfide ions are adsorbed on the copper
sulfide mineral surface and react with the surface previously coated with cuprous xanthate.
The reaction causes desorption of the collector, and as a result of this desorption the copper
sulfide minerals generally become hydrophilic. There is, however, no action of the sulfide
ions on molybdenite, and so molybdenite retains its hydrophobic character.

2.11.2.3 Natural Hydrophobicity

Most minerals are hydrophilic; in other words, they show affinity for water. This also im-
plies that the contact angle is very much less than 90°. As the contact angle assumes values
beyond 90° up to 180°, the hydrophobicity of the mineral concerned in the given system
progressively attains 100%.

Among solids, teflon exhibits the largest hydrophobicity (6 = 108°). Solids of teflon type,
with their high contact angles, are called “naturally hydrophobic” and float without the
assistance of chemical reagents. Artificial hydrophobicity to which the collector contributes
is really not required to float solids or minerals characterized by natural hydrophobicity.
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Some of the best known examples among natural floaters are molybdenite, stibnite, talc,
graphite, native sulfur, coal, and some types of hydrocarbons, such as asphalt. Their natu-
ral hydrophobicity ensures high flotation rates with almost any type of collector, and even
with natural frothers, such as pine oil and cresylic acid. It has been postulated that native
floatability results when at least some fracture or cleavage surfaces form without rupture of
interatomic bonds other than residual bonds. The case for the mineral, molybdenite, can
be taken as a representative example for elaboration on the various aspects of flotation of
naturally floatable minerals. Studies on the structure of molybdenite crystals have provided
an explanation as to why the mineral is endowed with natural floatability. Molybdenite has
alayered structure. There are basically two types of bonds: intralayer, and interlayer bonds.
The former are covalent bonds between sulfur and molybdenum atoms (S-Mo-S), while the
latter are weak Van der Waals—London bonds between sulfur atoms in adjacent layers. As a
consequence of this special structural feature of molybdenite, when it is comminuted, two
different types of site are found on the surface of molybdenite particles: (i) nonpolar sites
created by the rupture of Van der Waals—London bonds (termed “faces”) and (ii) polar sites
created by the rupture of the covalent bonds (termed “edges”). The “face” surfaces have an
electrically neutral character and a low surface energy and the contact angle for them is
about 80°. Because of these characteristics, the “face” surfaces exhibit little attraction for
molecules with a high surface energy, such as water. The “edge” surfaces, on the other
hand, are ionic and chemically active. The contact angle for these surfaces is about 30°.
These features are responsible for the hydrophilic nature of the “edge” surfaces. The extent
of water repellency or hydrophobicity of molybdenite seems to depend on the ratio of the
surfaces of these two types. The planes along which molybdenite fractures by cleaving are
the “faces” and represent the predominant part of mineral exposure upon comminution.
This explains why molybdenite is a hydrophobic mineral. The natural floaters listed earlier
as examples are generally found in porphyry copper ores. While their separation from cop-
per has not been a problem, their separation from molybdenite is, at times, quite difficult.
Talc normally floats faster than molybdenite, and to obtain a separation between the two,
molybdenite is depressed and talc floated. Graphite is structurally very similar to molybdenite,
and because of this flotation cannot accomplish a separation between the two. Fortunately,
itappears that they do not occur together. Particle sizing of molybdenite has a bearing on its
floatability. Larger molybdenite particles have a higher “faces” to “edges” ratio and thus they
are more floatable. Smaller particles have a greater “edges” to “faces” ratio with a corre-
spondingly reduced contact angle and represent a reduced floatability situation. This ex-
plains why the recovery of molybdenite particles in their finely divided state (extensively
ground material) is seriously hampered by their enhanced tendency for wetting.

Although the selected surfaces of the naturally hydrophobic minerals have a net hydro-
phobic character, two additional factors must be considered. First, whereas the overall be-
haviour of the surface is classified as possessing a net hydrophobic character, the fact is that
there may be a significant number of hydrophilic sites on the surface. As a result hydropho-
bic solids may still show a surface charge and may have an adsorption potential. A second
factor worthy of consideration is the fact that crystal planes other than those showing a net
hydrophobic character become exposed during size reduction. As a result particles that
might be thought to show native floatability may, truly, possess a significant portion of their
surface composing of other cleavage planes which do not show hydrophobicity. The case
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for molybdenite described above finely illustrates the present point on the likely conse-
quences of communition on the naturally floatable feature of the crystalline solids.

Drawing reference to the flotation practice of molybdenite, it may in the first instance be
pointed out that production of molybdenite by flotation results from the processing of pri-
mary molybdenum ores and copper porphyry ores in which molybdenite is recovered as a
byproduct. This by-product accounts for about one-third of the total molybdenum produc-
tion in the western world.

Primary molybdenum ores at a relatively coarse grind go through an initial stage of flota-
tion. At Climax Molybdenum, for example, the first separation is made at 35% + 100 mesh.
The flotation system uses vapour oil as a promoter and pine oil as frother. A sulfonated
coconut oil (syntax) is added to the system to emulsify the oil.

The processing of copper-molybdenum concentrates yielded from copper porphyry ores
by flotation involves conferring either molybdenite or the copper sulfide mineral’s
hydrophilicity. Typical bulk copper—moly concentrates assay with 25% copper and 1% mo-
lybdenum. Generally, the copper sulfides are rendered hydrophilic by subjecting the bulk
copper-moly concentrate to conditioning with specific copper sulfide depressants. The sulfide
depression of copper sulfide is chosen in preference to the depression molybdenite be-
cause, in so doing, the minor constituent, MoS,, is floated with a resultant lower chance of
contamination on account of mechanical transport of unwanted material to the froth. A
variety of reagents can be deployed in order to depress copper sulfide minerals from bulk
copper—moly concentrates: (i) alkali sulfides and polysulfides; (ii) Noke’s-type reagents; (iii)
oxidants (both thermal and chemical treatments); and (iv) cyanide, ferrocyanide, ferricyanide.
In the industrial practice, a combination of the listed depressants is used. Examples, how-
ever, exist in which molybdenite is depressed by dextrin, and the copper sulfides are floated.

2.11.3
Flotation Systems

Flotation, like all other separation processes, is imperfect in that simply by applying this
process only once, very little separation may be achieved. For example, the underflow from
a flotation unit may have many hydrophobic particles that have failed to encounter an air
bubble, or the overflow may have hydrophilic particles that have simply been caught in the
wake of an air bubble or in a collection of hydrophobic particles secured to a bubble. It is,
therefore, common practice to operate many cells in complicated series — parallel arrange-
ments, perhaps with adjustment of chemistry at some point. This is necessary because
only a limited separation is usually attainable in a single device, and as such there is a need
for roughing, cleaning, and scavenging components in a circuit. Generally speaking, rough-
ing is the primary operation, which utilizes a moderate separating force to remove the fully
liberated valuables. Scavenging utilizes strong chemistry conditions to recover as much of
the remaining valuables as possible. Finally, cleaning utilizes a low separating force which
upgrades the rougher concentrate by removing misplaced waste material. A simple arrange-
ment of using these elements is shown in Figure 2.31. A series of rougher cells (with the
underflow passing from one cell to the next) makes a rough separation of the slurry ob-
tained after grinding into two streams. The mineral-rich stream then passes to a second
series of cleaner cells whose objective is to remove as much residual gangue as possible,
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Figure 2.31 One way in which a number of flotation cells can be arranged
into a flotation system.

and yields a slurry of concentrate particles or heads that has much of the valuable mineral
in the ore, and a second stream that is recycled to the rougher cells. The other stream from
the rougher cells, having less of the valuable mineral (but not so minor as to be discarded),
goes on to the scavenger cells where as much as possible of the valuable mineral is recov-
ered from the tailings stream departing to the waste pond. This scavenged valuable mineral
is put back to the rougher cells.

2.11.4
Flotation Machinery

A flotation machine must satisfy certain requirements which are listed in Table 2.9. All
told, the components of a flotation system are the following:

® A cell (a container with an impeller or an aeration device, capable of keeping the solids in
suspension and providing aeration for frequent air bubble—particle collisions).
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Table 2.9 Requirements of flotation machine.

1. All particles must be maintained in suspension. This requires that upward pulp velocities exceed the
settling velocity of all particles present.

N

. All particles ordering the machine must have the opportunity to be floated.

w

. Dead space is undesirable, since it means reduction in effective volume of the machine.

4. Aeration should be correct in order to disperse fine air bubbles throughout the pulp. The extent of
aeration needed depends upon the particular mineral system and quantity being floated.

w1

. Promote particle-bubble collision in order that bubbles collect mineral particles as they go, and
assemble as a froth on top.

o

Provide an undisturbed pulp region immediately below the froth. This is to minimize entrapment of
pulp in the froth and turbulent disruption of the froth layer.

~

. Provide sufficient depth of froth to allow drainage of entrained particles to take place.

e A feed (a mixture of solids to be separated, suspended in water at usually about 1: 3
solids to water ratio, by weight; referred to as flotation pulp).

* Regulating or modifying agents (ions such as H" and OH™ for controlling the pH, dis-
solved oxygen or oxidizing species like HS™, HCOj3, CN”, and metals ions derived from
the partial dissolution of some solids or intentionally added to serve as depressants and
activators; also, specifically added organic compounds for depressing or activating ac-
tion).

Surfactants (a minimum of two are usually needed — collector and frother).

e Air (drawn in by the suction of the impeller and/or injected under pressure into the
pulp).

A flotation cell essentially consists of a rectangular tank, equipped with suitable mecha-
nisms for agitation and aeration. While these features are common in any type of flotation
cell (including laboratory flotation cells) industrial flotation cells have additional features
such as arrangements for entry of the feed slurry and exit of the products. The mineral-
laden froth is removed by rotating froth paddles and the tailings by overflow through a
height-controllable weir arrangement. There are two basic types of flotation machines, pneu-
matic and mechanical. Pneumatic cells, which today are confined to special applications,
have no mechanical components in the cell. Agitation is produced by the inflow of air and/
or slurry, and gas bubbles are introduced by an injector, a change of pressure, or electroly-
sis. Mechanical cells usually consist of long troughs with a series of mechanisms. While
the design details of the mechanisms vary, an extremely short and precisely worded de-
scription may be provided for all as to be consisting of an impeller that revolves within
baffles. Air is drawn or pumped down a central shaft and is dispersed by the impeller.

It may be added that continuous developments are taking place in flotation cell design. A
reader wishing to have a detailed information concerning a particular type of cell is better
served by brochures published by the manufacturer than by a book.
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2.12
Dewatering

The dewatering process is carried out to fulfill different purposes. Thus while dewatering
in one instance may be applied to yield dry concentrate for shipment, at some other in-
stance the calling may be different in that it is required to be carried out in order to prepare
the feed for the subsequent processes. Dewatering methods are: (i) sedimentation; (ii) fil-
tration; and (iii) thermal drying. Usually a combination of these methods is used in min-
eral processing. The major portion of water is removed by sedimentation, or thickening,
which yields a thickened pulp containing about 55-65% solids by weight. This stage is
capable of separating up to 80% of the water. Filtration of the thick pulp gives rise to a moist
filter cake of between 80 to 90% solids, but this may need thermal drying to yield a suitable
end product of about 95% solids by weight.

2.12.1
Sedimentation

The removal of suspended solid particles from a liquid mainly by making use of gravita-
tional settling is called “sedimentation”. Sedimentation is at its best when there exists a
large difference in density between solid and liquid. This is invariably the case in mineral
processing where water is the carrier liquid. Sedimentation cannot always be used in
hydrometallurgy. This is because in some cases the carrier liquid maybe a high-grade leach
liquor having a density approaching that of the solids. In such instances, filtration may be
necessary. In general, two principal steps are involved in sedimentation, thickening and
clarification. The two are governed by similar principles, but they have different objectives.
Thickening is the term used if the objective is to increase the solids concentration, whereas
clarification is the removal of solids to obtain a liquid substantially free of solids. Separa-
tions basing on clarification involve sedimentation which is not characterized by a clearly
defined interface between the clear liquid and the sediment. As a consequence, the capacity
is limited by the amount of solid that can be accepted in the overflow. Operations basing on
thickening, on the other hand, are characterized by a clearly defined interface between the
clear liquid and the sediment. As a consequence, the capacity is limited by the underflow
conditions. A difference between clarification and thickening is that in the latter process all
solids are allowed to settle.

In the present context of solid-liquid separation, it may additionally be pointed out that
apart from the gravitational force, nongravitational forces may also be used and the meth-
ods which involve these are cycloning and centrifuging. In centrifuging, the forces are
generated through a rotating basket, whereas in cycloning the shell is stationary and only
the liquid spins.

The sedimentation process is concerned essentially with the settling of particles and,
therefore, bears a relationship with the particle size. Very fine particles settle very slowly
and in these situations, in order to speed up the sedimentation process, it becomes neces-
sary to agglomerate the particles into large lumps which settle more rapidly.
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2.12.1.1 Coagulation and Flocculation

Coagulation and flocculation have an important bearing on the sedimentation process. In
the process of coagulation, extremely fine colloidal particles come together and adhere di-
rectly to each other. They do so because of forces of mutual attraction among the particles.
Adhesion due to these attractive forces is opposed by the presence, around each particle, of
an electrically charged atmosphere, which produces repulsive forces between particles ap-
proaching each other. In any system there is, therefore, a balance between the attractive
forces and the electrical repulsive forces operating at the solid-liquid interface. In a given
system the electrical charges on the particle surfaces are of the same sign. For aqueous
suspensions with pH values of 4 and above, the electrical charges on the particle surfaces
are generally negative. Positively charged surfaces occur mainly in strongly acidic solu-
tions. The repulsion forces, apart from inhibiting coagulation, also retard settlement of the
particles by keeping them in constant motion. The smaller the particle the more pronounced
is this effect. Depending on the surface charge of the particles, salts containing charged
cations such as AI**, Fe**, and Ca®* as well as lime and sulfuric acid are some of the agents
that are added to promote the coagulation of particles. These additives, termed “coagu-
lants”, essentially have a charge opposite to that on the particles. They thus cause charge
neutralization when dispersed in the system and permit the particles to come into contact
and mutually adhere to form agglomerates under the influence of the attractive forces.

The process of flocculation involves the formation of agglomerates which are much more
open than those occurring in coagulation. The process relies upon molecules of a suitable
reagent acting as bridges between separate suspended particles. The reagents used to form
such bridges are long-chain organic polymers. Earlier, natural materials, such as starch,
glue, gelatine, and guar gum, were used for this purpose, but these are now being increas-
ingly substituted by synthetic materials. Among these synthetic materials the polyacramides
are the most extensively used as flocculants. To illustrate their mode of action, reference
may be drawn to an anionic polyacramide. Its action depends on a segment of this very
long molecule being adsorbed on the surface of a particle, leaving a large portion of the
molecule free to be adsorbed on another particle, thus developing a bridge between the
particles. In practice, many such interparticle bridges are formed, linking a number of
particles together. The factors that influence the degree of flocculation are: (i) the strength
of polymer adsorption on the particle surface, (ii) the degree of agitation during flocculation,
and (iii) the degree of agitation following flocculation. Flocculants are normally made up to
stock solutions of 0.5-1%, which are diluted to about 0.01% before being added to the
slurry. The diluted solution is added at a number of points in the stream to ensure its
availability in every portion of the system. It is necessary to have a mild agitation at the
points of addition, and shortly thereafter, to aid dispersion of the flocculent in the process
stream. Once flocs have formed, severe agitation must be avoided.

Flotation is certainly the major separation method based on the surface chemistry of
mineral particles. It is, however, not the only method. Selective flocculation and agglomera-
tion may be mentioned as other methods used commercially to a limited extent. The former
is for hematite, while the latter is for coal and finely divided metallic oxide minerals. Both
processes use the same principles as described for flotation to obtain selectivity. In selective
flocculation, polymeric flocculants are used. The flocculants selectively adsorb on the
hematite, and the hematite flocs form and settle readily. Thereby separation from the sili-
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ceous gangue can be obtained. In selective agglomeration, one mineral is made hydropho-
bic so that it can adsorb fuel oil, which is an often-used hydrocarbon for this duty. High
shear conditions are then used by which fuel oil-coated mineral particles can come into
physical contact and agglomerate. The size of the agglomerate increases to the point at
which separation based on size difference becomes possible.

Flocs possess two important settling features. The first is their complicated structure.
The aggregates are lax, the interparticle bond in them is weak, and they hold a large amount
of water in their structures, which is retained with the flocs when they settle. The second
feature of the flocculated pulp is the complexity of its settling mechanism.

2.12.1.2 Thickener Machinery

The sedimentation process is carried out on a large scale in equipment called thickeners.
The thickening process is defined as the removal of a portion of the liquid from a slurry or
a suspension, thereby concentrating the solid particles in the remainder. Thickeners ex-
ploit the gravitational forces for the separation of solids from liquids and are widely used in
the industry. Their operating cost is low, maintenance problems are minimal, and perform-
ance quite reliable. Although thickeners come in various shapes and types, the most com-
mon type is the cylindrical continuous thickener wherein feed enters through a central feed
well at the surface, and eventually settles into a thickened sludge blanket in a conical base,
where a slowly rotating mechanism rakes it to a central discharge. Clear liquid overflows
into a launder around the periphery of the tank.

2.12.2
Filtration

Filtration is a process of separating solids from a liquid by means of a porous medium
which holds back the solids and permits the liquid to clear. Industrial filtrations range from
simple straining to highly complex separations. The fluid may be a liquid or gas; the solid
particles may be coarse or fine, stiffer or pliant, elongated or round, separate individuals or
aggregates. The feed suspension may carry a heavy load of solids or almost none. It may be
hot or cold, or under vacuum or pressure. Other matters also apply in filtration. The relative
values of the components involved must be considered, as sometimes the fluid is the valu-
able component, sometimes the solid, and sometimes both. In some situations the separa-
tion of components needs to be virtually complete; in others only a partial partition is de-
sired. The conditions under which filtration is carried out are many and varied, and the
choice of the most suitable type of equipment depends on many factors. A multitude of
filters has therefore been developed. Whichever type of equipment is used, a filter cake
gradually develops on the porous filter medium and the resistance to flow progressively
increases throughout the filtration operation. The factors influencing the rate of filtration
are (i) the pressure drop from the feed to the far side of the filter medium; (ii) the filtering
surface area; (iii) the filtrate viscosity; (iv) the resistance offered by the filter cake; and (v) the
resistance of the filter medium.

In many mineral processing procedures, filtration follows thickening. The thickened pulp
may be fed to storage agitators from where it is drawn off at a uniform rate to the filters. In
order to aid filtration flocculants are sometimes added to the agitators. Filtration is ad-
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versely affected by slimes, since they tend to choke the filter medium. This is reduced by
flocculation and lower molecular weight flocculants are preferred over those with high
molecular weights. This is because the flocs formed with the latter are relatively large, and
entrain water within their structure. This, in effect, increases the moisture content of the
filter cake.

The choice of the filter medium is often the most important consideration to ensure
efficient operation of a filter. Its function is generally to act as a support for the filter cake,
while the initial layers of cake provide the actual filter. The filter medium should be selected
primarily on the basis of its ability to retain solids without binding. It should be mechani-
cally strong and corrosion resistant, and should offer as little resistance as possible to the
flow of the filtrate. The media are made from widely different materials such as cotton,
wool, linen, nylon, jute, silk, glass fiber, porous carbon, metals, rayon and other synthetics,
and miscellaneous materials like porous rubber. Cotton fabrics are most commonly used
because they are available in a wide variety of weaves, and are cheap.

Liquid-solid filters may be classified into four categories, depending on the service they
perform: strainers, clarifiers, cake filters, and filter thickeners. A strainer is commonly little
more than a metal screen placed across a flow channel for removal of dirts or rusts from a
moving fluid. When the screen becomes clogged in service, it is easily replaced. Clarifiers
also remove small quantities of solids, commonly to yield sparking clear liquids, as bever-
ages or printing inks. The separated solids are most often rejected. The filter medium in a
clarifier is a septum of cloth or a cartridge of metal disks. Cake filters remove large quanti-
ties of solids from a liquid as a cake or sludge. Filter thickeners result in the partial removal
of a thin slurry, passing some clear liquid and a thickened but still flowable suspension of
solids.

From the definition of filtration it should go without saying that the function of filtration
equipment is to filter a slurry, so as to separate the solid more or less completely from the
liquid. Depending on the nature of the slurry, the driving force required for separation may
be grouped into four categories, namely, gravity, vacuum, pressure, and centrifugal. There
may be several ways by which filtration grouping can be carried out, the most important
ones being the operating cycle, vacuum or pressure, batch or continuous driving force, and
operating mode. These details are mostly covered by expressing that filtration equipment
can be of either the continuous or batch type, and either constant pressure (vacuum) or
constant rate. In the constant pressure type the rate of filtration falls gradually as the cake
builds up. In contrast, in the constant rate type the pressure is enhanced gradually in order
to maintain the filtration rate as the resistance of the cake progressively increases. The
device size is based on the filter surface area required.

Continuous vacuum filters are mostly of the constant pressure type and are mainly used in
dewatering concentrated slurries such as concentrates. These filters are classified into disk,
drum, and horizontal filters. The drum and the disk filters are the mainstay for most final
detwatering, the drum filters being used to a lesser extent than the disk filters. These two
groups of filters remove most fine particles from a process stream.

The drum filter consists of a 1 to 5 m diameter cylindrical drum that rotates while re-
maining partially submerged in an open-feed slurry tank. The drum surface is wrapped
around tightly with the filter medium. The drum shell is divided into compartments, and
drain lines are connected to the central valve system that permits either vacuum or pres-
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sure as governed by the cycle, which normally consists of filtration, draining, and discharge
by air blast or mechanical means. Coke washing and filter cloth cleaning can also form a
part of a cycle.

In operational terms, the disk filter is similar to the drum filter, but filtration is con-
ducted by using a series of large-diameter filter disks that carry the filter medium on both
sides of the disk. They are connected to the main horizontal shaft and partly immersed in
the feed slurry. The central shaft is connected by a set of valves which serve to provide
vacuum and air, as in drum filters. As the disk sections are immersed during rotation, a
vacuum is applied to form a cake on both sides of the disk. The cycle of operation is similar
to thatin a drum filter. This system is used extensively in the iron ore industry for dewatering
magnetite concentrates.

The processes involving filtration, washing and drying all occur on a travelling belt filter
cloth which is provided with suction boxes underneath, and in continuous vacuum filters
which are also called belt filters. A number of variations are available, and the belt can be
either linear or circular. Slurry is placed on the belt at the beginning, and filtration occurs
by both suction and gravity. The filter cake is discharged from the belt using scrapers prior
to belt reversing. Excellent washability and relatively low capital and operating costs are
some advantages of belt filters, but they need a high dosage of flocculant and more floor
area for a given filter area.

Pressure filters or filter presses are commonly of the batch type, and are characterized by
smaller floor area, high filtration rates, and lower capital cost. Dryer cakes are produced.
The chemical industry uses these filters more widely than mineral processing industries,
mainly because of its batch operation. The most common types of pressure filters used are
the plate and frame presses. These comprise a series of vertical, alternating parallel frames
and plates, with the filter cloth being held against the plate and the formation of cake occur-
ring in the hollow frame.

In situations where conventional dewatering methods are inapplicable because of very
low settling rates (as in the case of clays), or low moisture content is needed prior to the
next operation, then devices called centrifuges are used. As the name implies, these devices
use centrifugal force is used to enhance solid-liquid separation. These units involve high
capital cost and high maintenance but they can perform many duties, for example as clas-
sifiers, thickeners, clarifiers, and filters. The hydrocyclones are an example of centrifugal
devices used for classification or thickening that are simple and not expensive. However,
they do not produce a very high solids concentration in the underflow, and their efficiency
falls rapidly at fine size ranges. Hydrocyclones are still valuable for initial dewatering prior
to thickening. For primary dewatering, many other classifiers can also be used.

The solid bowl centrifuge is one type of centrifuge. It consists of a horizontal bowl which
revolves at a high speed. Slurry enters at the center of one end of the bowl, and the liquid
emerges from the other end by means of a revolving scroll. The incorporation of a washing
stage can be made at this stage. The extent of dewatering needed and the application deter-
mine the bowl size. These systems are particularly suited for processes clarification.

The perforated basket centrifuge is an other type of centrifuges. The material transport
occurs through vertical vibrations in the basket. These vibrations cause loosening of the
bed of particles, assisting drainage, and making it possible to run the device at lower speeds
than are required for solid bowl centrifuges. On account of the perforations in the basket
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these types of centrifuge are not suitable for use with feeds that contain significant amounts
of fines. Rather they are commonly used in dewatering coal.

2123
Thermal Drying

The last stage of dewatering is thermal drying, which normally follows the thickening and
filtration of concentrates. However, unlike thickening and filtering which are mechanical
methods of water elimination, drying is a thermal process wherein all or part of the re-
sidual moisture in the filter cake is removed by the application, direct or indirect, of some
form of heat. It is an expensive method because energy is wasted in heating the solids, but
is necessary in many instances because mechanical dewatering is incapable of reducing
the moisture content below a certain limit. The extent of reduction in moisture by thermal
drying is governed by economics and specifications needed for the mineral product in terms
of flow properties of particles, dust prevention, and some other specifics. Thermal drying
aims at reduction of the moisture content to about 5% by weight. A still smaller moisture
content (or for that matter complete drying) is often not necessary, and may also create dust
problems. In general, drying a solid means implies the removal of relatively small amounts
of water or other liquid from the solid material, to reduce the content of residual liquid to
an acceptable low value. In general, drying a solid means implies the removal of relatively
small amounts of water or other liquid from the solid material, to reduce the content of
residual liquid to an acceptable low value. Drying is usually the final step in a series of
operations. Water may be present either as free water or as combined water. Free water
consists of physically attached liquid water which wets the solid particle surfaces; this free
water exerts the same vapour pressure as pure water. Combined water is that which is
chemically combined with the solid matrix; it exerts an equilibrium vapour pressure less
than that of pure water. The removal of combined water will not be considered here be-
cause its removal results in chemical changes in the solid and, therefore, it is more appro-
priate at this point to consider this phenomenon of calcination. It should be borne in mind
that it is generally cheaper to reduce the moisture content 